
1 Dedekind domains

Definition 1.1. Let A be a ring. We say that A is a discrete valuation ring (DVR) if A is
a principal ideal domain with a unique non-zero prime ideal mA ⊂ A.

If A is a DVR, then kA = A/mA is a field, its residue field. If π ∈ mA is a generator,
we call π a uniformizer. If π′ is another uniformizer then π′ = uπ for some u ∈ A×.

If A is a DVR with FracA = K, then any element x = a/b ∈ K× admits a unique
expression as x = πnu, with n ∈ Z and u ∈ A×. We call v(x) = n the valuation of the
element x. The function v : K× → Z satisfies the following conditions:

1. v : K× → Z is a surjective homomorphism.

2. If x, y ∈ K× and x+ y ∈ K× then we have v(x+ y) ≥ min(v(x), v(y)).

If K is any field and v : K× → Z is a function satisfying these conditions, then v is called
a valuation. We can then define A = {x ∈ K | v(x) ≥ 0}; then A is a DVR with non-zero
prime ideal mA = {x ∈ K | v(x) > 0}.

Lemma 1.2. Let K be a field. Then this process defines a bijection between the set of
subrings A ⊂ K which are discrete valuation rings and the set of valuations v : K× → Z.

Definition 1.3. A ring A is called a local ring if it has a unique maximal ideal.

Note that a DVR is a local ring.

Lemma 1.4 (Nakayama’s lemma). Let A be a local ring with maximal ideal m, and let M
be a finitely generated A-module.

1. If mM = M , then M = 0.

2. If N ⊂M is a submodule such that N →M/mM is surjective, then N = M .

Proof. We observe that A − m = A×. For the first part, suppose that M is generated by
elements m1, . . . ,mn, and that n ≥ 1 is minimal with respect to this property. We can write
mn = a1m1 + · · · + anmn with ai ∈ m, hence (1 − an)mn = a1m1 + . . . an−1mn−1. Since
1 − an is a unit, we conclude that A is generated by m1, . . . ,mn−1, a contradiction to the
minimality of n.

For the second part, the hypothesis implies M = N + mM . We apply the first part
to the quotient M/N to conclude M/N = 0, hence M = N .

Proposition 1.5. Let A be a Noetherian domain. Then the following are equivalent:

1. A is a DVR.

2. A is integrally closed and has exactly one non-zero prime ideal.
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We recall that to say that A is integrally closed is to say that for any element γ ∈
K = FracA satisfying a relation γn + a1γ

n−1 + · · ·+ an with a1, . . . , an ∈ A (and n ≥ 1), we
have γ ∈ A.

If γ ∈ K, then γ satisfies such a relation if and only if A[γ] is a finitely generated
A-module. Indeed, if γ satisfies a relation of this type then 1, γ, . . . , γn−1 generates A[γ] as A-
module. Conversely, suppose that A[γ] is finitely generated. Using that A is Noetherian, we
see that the sequence A,A+Aγ,A+Aγ+Aγ2, . . . of A-submodules of A[γ] must eventually
be stationary. If γn ∈ A + Aγ + · · · + Aγn−1, then γ a zero of a monic polynomial with
coefficients in A.

Proof. If A is a DVR, then A is integrally closed: if an element a = uπr satisfies a relation
an + a1a

n−1 + · · ·+ an = 0, then after multiplying through by u−n, we can assume a = πr. If
r < 0 then we get 1 = a1π

−r + · · ·+ anπ
−nr. The left-hand side lies in mA, a contradiction.

It clearly has a unique non-zero prime ideal.
Suppose conversely that A is a Noetherian domain which is integrally closed, and has

exactly one non-zero prime ideal p. Note that if a ⊂ A is a proper non-zero ideal, then we
can find n ≥ 1 such that pn ⊂ a ⊂ p. Indeed, if not then we can find a proper ideal a ⊂ A
maximal with respect to the property that it contains no pn. Then a 6= p, so we can find
a, b ∈ A such that ab ∈ a but a 6∈ a and b 6∈ a. The inclusions a ⊂ a + (a) and a ⊂ a + (b)
are then proper, so we can find m ≥ 1 such that pm ⊂ a + (a) and pm ⊂ a + (b), hence
p2m ⊂ (a + (a))(a + (b)) ⊂ a, a contradiction.

Let us therefore choose a non-zero element y ∈ p, and n ≥ 1 such that pn ⊂ (y) ⊂ p.
We can choose n ≥ 1 minimal with respect to this property. We are going to show that p
is principal. If n = 1, then we’re done. Otherwise n ≥ 2, and we have pn−1 6⊂ (y), and we
can choose x ∈ pn−1 − (y). Let z = x/y ∈ K. We have xp ⊂ pn ⊂ (y), hence zp ⊂ A is
an ideal. If zp ⊂ p, then A[z] injects into EndA(p), a finitely generated A-module (since A
is Noetherian). Using that A is integrally closed, we obtain z ∈ A, hence x = yz ∈ (y), a
contradiction. Thus zp = A, and p = z−1A and p is principal.

Let π = z−1. We claim that every element a ∈ A admits a unique expression a = uπn

with u ∈ A×, which will show that A is a PID. The uniqueness is clear. To show existence,
it is enough to show that q = ∩n≥1(πnA) = 0 (as then A = ∪n≥0(πnA− πn+1A)). However,
we have πq = q, hence q = 0 (by Nakayama’s lemma). This completes the proof.

We are going to study rings which are ‘locally DVRs’. We first need to define local-
ization.

Definition 1.6. Let A be a ring. A multiplicative subset S ⊂ A is by definition a subset
containing 1 and which is closed under multiplication.

We define S−1A to be the set of equivalence classes of pairs (a, s) with a ∈ A, s ∈
S, with respect to the equivalence relation (a, s) ∼ (b, t) if there exists u ∈ S such that
u(at− bs) = 0. We represent the equivalence class of (a, s) using the symbol a/s.

Lemma 1.7. 1. This is an equivalence relation, and S−1A becomes a ring with the oper-
ations a/s+ b/t = (at+ sb)/(st) and a/s · b/t = (ab)/(st).
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2. The map A → S−1A, a 7→ a/1 is a ring homomorphism with kernel {a ∈ A | ∃s ∈
S, sa = 0}.

3. If A is an integral domain, then FracA = (A−{0})−1A. If further S ⊂ A−{0}, then
S−1A may be naturally identified with a subring of FracA.

Proof. The symmetry and reflexivity of the relation is clear. To show transitivity, suppose
given (a, s), (a′, s′) and (a′′, s′′), together with u, u′ ∈ S such that u(as′ − a′s) = 0 and
u′(a′s′′ − a′′s′) = 0. We then have uu′s′as′′ = u′s′′ua′s = usu′a′′s′, showing that a/s = a′′/s′′

in S−1A. The ring axioms are easily verified.
It is clear that the map A → S−1A is a ring homomorphism. We have a/1 = 0/1 if

and only if there exists s ∈ S such that as = 0, as in the statement of the lemma.
If A is an integral domain, then a/s = a′/s′ if and only if as′ = a′s (because A has

no zero divisors). This shows that (A− {0})−1A = FracA, by definition, and that the map
S−1A→ FracA, a/s 7→ a/s, is a well-defined injection.

A common choice of S is S = {1, f, f 2, . . . }; then we write S−1A = A[1/f ]. Another
common choice is S = A− p, where p is a prime ideal of A. In fact, a proper ideal I ⊂ A is
prime if and only if A− I is a multiplicative subset, as follows from the definitions.

Definition 1.8. Let A be a ring with multiplicative subset S, and let M be an A-module.
We define the localized module S−1M to be the set of equivalence classes of pairs (m, s) with
m ∈ M and s ∈ S. Two pairs (m, s) and (m′, s′) are said to be equivalent if there exists
u ∈ S such that u(s′m− sm′) = 0. The equivalence class of the pair (m, s) is denoted using
the symbol m/s.

Again, one shows that S−1M is an S−1A-module, with multiplication a/s · m/t =
(am)/(st). Localization is a functor: if M,N are A-modules and f : M → N is a
homomorphism of A-modules, then there is a natural map S−1f : M → N given by
S−1f(m/s) = f(m)/s. Similarly, if there is a ring homomorphism g : A→ B, then S−1B is
naturally a ring and the map S−1g : S−1A→ S−1B is a ring homomorphism. An important
feature of localization is its exactness:

Lemma 1.9. Let M ′ f //M
g //M ′′ be an exact sequence of A-modules (i.e. ker g =

im f). Then the sequence S−1M ′ S
−1f // S−1M

S−1g // S−1M ′′ is exact.

Proof. Since localization is functorial, we have S−1g ◦ S−1f = S−1(gf) = 0. This shows
that im S−1f ⊂ kerS−1g. For the other inclusion, suppose S−1g(m/s) = g(m)/s = 0. Then
there exists u ∈ S such that ug(m) = g(um) = 0, hence m′ ∈ M ′ such that f(m′) = um,
hence S−1f(m′/us) = um/us = m/s.

This shows, for example, that if a ⊂ A is an ideal, then S−1a can be naturally
identified with an ideal of S−1A (which is the ideal aS−1A generated by a).

Lemma 1.10. Let A be a ring, and let f : A → S−1A be the natural map. The maps
p 7→ p · S−1A, q 7→ f−1(p) define inclusion-preserving bijections between the set of prime
ideals of A which do not intersect S and the set of prime ideals of S−1A.
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Proof. We first check that p · S−1A is indeed a prime ideal. The map A→ A/p gives a map
S−1A→ S−1(A/p), and the latter is non-zero since A/p is non-zero and no element is killed
by an element of S. An element a/s is in the kernel if and only if there exists u ∈ S such
that ua = 0 in A/p, if and only if a ∈ p. Thus p · S−1A is the kernel of this map, and is a
prime ideal of S−1A.

We now show that these maps are mutually inverse. If p ⊂ S−1A is a prime ideal,
then ff−1(p) ⊂ p, hence f−1(p) · S−1A ⊂ p. On the other hand, if a/s ∈ p then a/1 ∈ p,
hence a ∈ f−1(p) and a/s ∈ f−1(p) ·S−1A. This shows one direction. In the other direction,
suppose that q ⊂ A is a prime ideal disjoint from S. Then q ⊂ f−1(q · S−1A). On the other
hand, if a ∈ A and a/1 ∈ q · S−1A, then a/1 = qb/s for some q ∈ q, b ∈ A, s ∈ S, and hence
there exists u ∈ S such that u(as − qb) = 0, hence uas = qbu ∈ q. Since q is prime and
disjoint from S, we conclude a ∈ q, showing that f−1(q · S−1A) ⊂ q, as required.

This shows that if p ⊂ A is a prime ideal and S = A − p, then S−1A has a unique
maximal ideal, namely S−1p, and is therefore a local ring. We will write Ap = (A − p)−1A
for this localization; its residue field is naturally identified with Frac(A/p).

Proposition 1.11. Let A be a Noetherian domain with field of fractions K. Then the
following are equivalent:

1. For all non-zero prime ideals p ⊂ A, Ap is a discrete valuation ring.

2. A is integrally closed and every non-zero prime ideal p ⊂ A is a maximal ideal.

A ring A satisfying these equivalent conditions is called a Dedekind domain.

Proof. We may suppose that A has non-zero prime ideals (equivalently, that A is not a field),
as both conditions hold vacuously otherwise.

First suppose that A satisfies the first condition. If q ⊂ p are prime ideals of A, then
let S = A− p. We have S−1q ⊂ S−1p, hence either q = 0 or q = p. This shows that if p 6= 0
then p is maximal. If x ∈ K is integral over A, then it lies in Ap for every non-zero prime
p ⊂ A, hence we can write x = ap/sp, where ap ∈ A and sp ∈ A− p depend on p. The ideal
a generated by all sp is the unit ideal, because it is contained in no non-zero prime ideal of
A; hence we can write 1 =

∑
p sptp, where only finitely many tp are non-zero. We then have

x =
∑
xsptp =

∑
aptp ∈ A, showing that A is integrally closed in K.

Now suppose instead that A satisfies the second condition. If p ⊂ A is a non-zero
prime ideal, then the ring Ap is a local ring with a unique non-zero prime ideal, and we must
show (by the previous proposition) that it is integrally closed. If γ ∈ FracAp = K satisfies
an equation γn + a1/s1 · γn−1 + · · ·+ an/sn = 0, where a1, . . . , an ∈ A and s1, . . . , sn ∈ A− p,
then the element γ(s1 . . . sn) is integral over A (by clearing denominators), so lies in A. Then
γ = (γs1 . . . sn)/(s1 . . . sn) lies in Ap, as required.

Definition 1.12. Let A be an integral domain, and let K = FracA. A fractional ideal of A
is by definition a finitely generated A-submodule of K.

Lemma 1.13. Let A be a Noetherian integral domain with field of fractions K and let
S ⊂ A− {0} be a multiplicative subset. Let a, b ⊂ K be fractional ideals. Then:
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1. (S−1a)(S−1b) = S−1(ab) and S−1a + S−1b = S−1(a + b).

2. Define (a : b) = {x ∈ K | xb ⊂ a}, and suppose that b is non-zero. Then (a : b) is a
fractional ideal of A and S−1(a : b) = (S−1a : S−1b).

Proof. Suppose that b = (b1, . . . , bn), where the bi are non-zero. Then (a : b) = ∩ni=1b
−1
i a,

which shows that (a : b) is finitely generated (as A is Noetherian), hence a fractional ideal
of A. The other assertions follow from the fact that localization commutes with finite sums
and intersections of submodules.

Proposition 1.14. Let A be a Dedekind domain. Then the set DivA of non-zero fractional
ideals of A forms a group under multiplication.

Proof. Multiplication of fractional ideals gives an associative composition law in DivA, with
identity (1) = A. It remains to show the existence of inverses. We claim that for any non-
zero fractional ideal a ⊂ A, we have a · (A : a) = A. Since (A : a) is a fractional ideal, this
will be enough. If A is a DVR then we have a = πnA for some n ∈ Z, and (A : a) = π−nA;
so this is clear.

In general, we have for any non-zero prime p ⊂ A,

(a(A : a))p = ap(A : a)p = Ap,

by the lemma. It therefore suffices to show that for any fractional ideal b ⊂ K, if bp = Ap

for all non-zero prime ideals p of A, then b = A. Let us show the more general statement
that if b, c are fractional ideals such that bp ⊂ cp for all p, then b ⊂ c.

Let b ∈ b. For all non-zero prime ideals p ⊂ A, we can find an expression b = cp/sp
with cp ∈ c and sp ∈ A− p. The ideal (sp) is the unit ideal, since it can be contained in no
maximal ideal of A; we can therefore find non-zero prime ideals p1, . . . , pn and ai ∈ A such
that 1 =

∑n
i=1 aispi . Multiplying through, we obtain

b =
n∑
i=1

aibspi =
∑
i=1

aicpi ∈ c,

as desired.

Lemma 1.15. Let A be a Dedekind domain. Then for each non-zero ideal a ⊂ A, there are
only finitely many non-zero prime ideals p ⊂ A such that a ⊂ p.

Proof. We can assume that a = (x) is principal. The set of ideals b of A containing x
satisfies the descending chain condition. Indeed, if b1 ⊃ b2 ⊃ · · · ⊃ (x) then the chain
b−11 ⊂ b−12 ⊂ · · · ⊂ x−1A is eventually stationary, since A is Noetherian. This implies the
same for the original chain.

Suppose therefore that there are infinitely many distinct primes p1, p2, . . . containing
x. The sequence p1, p1 ∩ p2, . . . is eventually stationary; suppose that it becomes stationary
at step k. Then we have

pk+1 ⊃ p1 ∩ · · · ∩ pk+1 = p1 ∩ · · · ∩ pk ⊃ p1 . . . pk.
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We can find for each i = 1, . . . , k an element xi ∈ pi − pk+1. Then the element x1 . . . xk ∈
p1 . . . pk must lie in pk+1. Since the ideal pk+1 is prime, this forces some xi to lie in pk+1, a
contradiction.

If A is a Dedekind domain, then for each non-zero prime p ⊂ A, we have the valuation
vp : K× → Z which is associated to the DVR Ap. If a ⊂ K is a non-zero fractional ideal, then
we have ap = aAp for some a ∈ K×, and we define vp(a) = vp(a). This defines a surjective
homomorphism vp : DivA→ Z (as vp(p) = 1).

Proposition 1.16. Let A be a Dedekind domain, and let a ⊂ K be a non-zero fractional
ideal.

1. We have vp(a) = 0 for all but finitely many p.

2. The map ⊕pvp : DivA→ ⊕pZ is an isomorphism.

3. We have a =
∏

p p
vp(a), where the product has only finitely many terms.

Proof. We recall that if a, b ⊂ K are fractional ideals, then a ⊂ b if and only if ap ⊂ bp for
all p. If p 6= q are non-zero prime ideals of A, then pq = Aq. It follows that if a ⊂ A is a
non-zero ideal, then a ⊂ p if and only if ap ⊂ pp, if and only if vp(a) > 0. By the previous
lemma, this can be true for only finitely many primes p. If a ⊂ K is a non-zero fractional
ideal, then we can find x ∈ A−{0} such that xa ⊂ A is an ideal. Then vp(x) = 0 for all but
finitely many p, and vp(xa) = 0 for all but finitely many p. Since vp(xa) = vp(x) + vp(a) for
all non-zero prime ideals of A, this shows that vp(a) = 0 for all but finitely many p.

The two fractional ideals a and
∏

p p
vp(a) have the same localizations, so are the

same.

Corollary 1.17. Let A be a Dedekind domain. Then every non-zero ideal a ⊂ A admits a
unique expression a =

∏n
i=1 p

ai
i , where the pi are pairwise distinct prime ideals of A. This

expression is uniquely determined up to re-ordering of terms.

2 Complete discrete valuation rings

Definition 2.1. Suppose given for each i = 1, 2, . . . a group Ai and a homomorphism fi :
Ai+1 → Ai. The inverse limit is by definition

lim←−
i

Ai = {(ai) ∈
∞∏
i=1

Ai | ∀i ≥ 1, fi(ai+1) = ai}.

It is a group (in fact a subgroup of
∏∞

i=1Ai). If the Ai are all abelian groups (resp. rings)
and the fi are homomorphisms of abelian groups (resp. rings) then it is naturally an abelian
group (resp. ring).

Definition 2.2. Let A be a discrete valuation ring. We say that A is complete if the natural
map A→ lim←−

i

A/mi
A is an isomorphism.
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We note that the kernel of the map A→ lim←−
i

A/mi
A is ∩imi

A = 0 (e.g. by Nakayama’s

lemma). The terminology is justified by the following lemma.

Lemma 2.3. Let A be a discrete valuation ring with fraction field K and valuation v : K× →
Z. Then the following are equivalent:

1. A is complete.

2. A is complete as a metric space with respect to the metric d(x, y) defined by d(x, y) =
2−v(x−y) if x 6= y and d(x, y) = 0 otherwise.

3. K is a complete metric space with respect to the metric d(x, y) given by the same
formula.

Proof. Let π ∈ A be a uniformizer. Suppose first that A is complete, and let (xi)
∞
i=0 be a

Cauchy sequence in A. This is equivalent to the following condition: for all M > 0, there
exists N(M) > 0 such that xi ≡ xj mod (πM) for all i, j ≥ N ∗ M). In particular, we
can define an element (ai)i≥1 ∈ lim←−

i

A/(πi) by the formula ai = xN(i). Since A is complete,

there exists a unique a ∈ A such that a ≡ ai mod (πi) for each i ≥ 1. Consequently,
a ≡ xN mod (πi) for all N ≥ N(i), hence d(a, xN) ≤ 2−i for all N ≥ N(i). It follows that
xi → a as i→∞.

Now suppose that A is complete as a metric space. We will show that A is a complete
DVR. Let (ai)i≥1 ∈ lim←−

i

A/(πi), and choose elements xi ∈ A such that ai = xi mod (πi).

Then for any j ≥ i, we have xj ≡ xi mod (πi) (by definition of the inverse limit), hence
d(xj, xi) ≤ 2−i. Thus (xi)i≥1 is a Cauchy sequence, which admits a limit a ∈ A. We claim
that the map A→ lim←−

i

A/(πi) sends a to (ai)i≥1. It is enough to show that a ≡ xi mod (πi)

for each i ≥ 1. Since xj → a, there exists N(i) such that for each j ≥ N(i), xj ≡ a mod (πi).
Choosing j ≥ max(N(i), i), we have xi ≡ xj ≡ a mod (πi), the first congruence by definition
of the inverse limit, the second by definition of N(i). This shows that A is complete.

Now suppose that K is a complete metric space. A is a closed subspace, since it is
given by the formula A = {x ∈ K | d(0, x) ≤ 1}. Therefore A is a complete metric space.

Now suppose that A is complete as a metric space. Note that for any i ∈ Z and
x, y ∈ K, we have d(πix, πiy) = 2−id(x, y). If (xi)i≥1 is a Cauchy sequence in K, then there
exists N such that for all i, j ≤ N , d(xi, xj) ≤ 1, hence xi − xj ∈ A. Choosing M such that
πMxi ∈ A for all i = 1, . . . , N , we find that πMxi ∈ A for all i ≥ 1. Therefore (πMxi)i≥1 is a
Cauchy sequence in A, so tends to a limit πMxi → x in A. Then xi → π−Mx, and so K is
complete.

When we speak on the topology of a complete DVR (or its field of fractions), we
always mean the topology induced by this metric.

Proposition 2.4. Let A be a DVR with uniformizer π, and define Â = lim←−
i

A/mi
A. Then;
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1. Â is a complete DVR with uniformizer π.

2. For each i ≥ 0, the natural map A/mi
A → Â/mi

Â
is an isomorphism.

3. Let X ⊂ A be a set of representatives for the residue field kA containing 0. Then every
element x ∈ Â admits a unique π-adic expansion (a convergent infinite sum)

x =
∞∑
i=0

aiπ
i

with ai ∈ X for each i ≥ 0, and conversely every such expansion defines an element of
Â.

Proof. We observe that the map A/π → πiA/πi+1A given by multiplication by πi is an
isomorphism. It follows that each element of the ring A/πi+1 admits a unique expression of
the form

∑i
j=0 ajπ

j with aj ∈ X. The map A/πi+1 → A/πi corresponds to throwing away

the term aiπ
i. Since an element of Â is a compatible system of elements of the quotients

A/πi+1, we see that the elements of Â are in bijection with the expressions
∑∞

j=0 ajπ
j with

aj ∈ X. Since we have not yet proved that Â is a DVR (and in particular, have not yet

endowed Â with a metric), this expression must be interpreted as follows: it corresponds to
the tuple (

∑i−1
j=0 ajπ

j)i≥1 ∈ lim←−
i

A/(πi).

By definition, we have for each i ≥ 0 a surjection Â → A/πiA. An element x =∑
j ajπ

j lies in the kernel if and only if all of its digits a0, . . . , ai−1 are 0. In this case, we

have x = πi
∑∞

j=0 aj+iπ
j, showing that the kernel of this map is πiÂ, and hence we have an

isomorphism Â/πiÂ ∼= A/πiA.

The natural map A→ Â is injective. Every element x =
∑∞

j=0 ajπ
j with a0 6= 0 is a

unit. Indeed, we write x = a0(1− πy) where y = −
∑∞

j=0 a
−1
0 aj+1π

j ∈ Â. The element a0 is

a unit in A, hence in Â, and (1− πy) has inverse given by

1 + πy + (πy)2 + (πy)3 + . . . .

This shows that every non-zero element of Â has a unique expression as uπn with u ∈ Â×
and n ≥ 0, and hence that Â is a DVR. We have

Â = lim←−
i

A/πiA ∼= lim←−
i

Â/πiÂ

by the second part of the proposition, showing that Â is complete. Finally, we observe that
if x ∈ Â corresponds to the expression

∑∞
j=0 ajπ

j, then in fact this infinite sum converges in

Â and its limit equals x.

We refer to the ring Â as the completion of A; the proof of the proposition shows
that if A is complete, then A ∼= Â.
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Definition 2.5. Let p be a prime. The ring of p-adic integers Zp is by definition the com-
pletion of Z(p). The field of p-adic numbers Qp is its fraction field.

Thus Zp is a complete DVR with residue field Zp/(p) ∼= Z/pZ = Fp. Every element
of Zp admits a unique expression

a0 + a1p+ a2p
2 + . . .

with ai ∈ {0, . . . , p− 1}. Multiplication and addition is done in the same way as for formal
power series, except we now need to ‘carry’ digits.

The following lemma could be said to play the role of the intermediate value theorem
in the p-adic setting. It is one example of a family of results which are referred to by the
name ‘Hensel’s lemma’.

Lemma 2.6. Let A be a complete DVR with valuation v, and let f(X) ∈ A[X] be a monic
polynomial. Suppose there exists x ∈ A such that v(f(x)) > 2v(f ′(x)). Then there exists a
unique α ∈ A such that f(α) = 0 and v(α− x) > v(f ′(x)).

Proof. We use Newton’s approximation. Let a1 = x, and define a sequence inductively by
the formula

an+1 = an −
f(an)

f ′(an)
.

Let t = v(f(a1)/f
′(a1)

2) > 0. We will show by induction on n ≥ 1 that the following
conditions are satisfied:

1. v(an) ≥ 0.

2. v(f ′(an)) = v(f ′(a1)).

3. v(f(an)) ≥ 2v(f ′(a1)) + 2n−1t.

These conditions hold for n = 1, by hypothesis. We now treat the induction step. Suppose
the given conditions hold for a1, . . . , an. We will show they hold for an+1. We have v(an+1) ≥
0 if and only if f(an)/f ′(an) ∈ A. We have

v(f(an))− v(f ′(an)) ≥ v(f ′(an)) + 2n−1t = v(f ′(a1)) + 2n−1t > 0,

so the first condition holds. For the second, it is enough (by induction) to show that
v(f ′(an+1)) = v(f ′(an)). The element f ′(an+1) − f ′(an) is divisible by an+1 − an, so it is
enough to show that v(an+1 − an) > v(f ′(an)), or equivalently that

v(f(an)/f ′(an)) > v(f ′(an)),

or even that
v(f(an)) > 2v(f ′(a1)).

Since t > 0 this is implied by the third condition (at step n).
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Finally we show the third condition. Writing f(X) =
∑

i aiX
i, we note that we have

f(X + Y ) =
∑
i

ai(X + Y )i =
∑
i

ai(X
i + iX i−1Y + gi(X, Y ))

for some polynomial gi(X, Y ) ∈ Z[X, Y ] depending only on i; this is a consequence of the
binomial theorem. Therefore we can write

f(X + Y ) = f(X) + f ′(X)Y + g(X, Y )Y 2

for some polynomial g(X, Y ) ∈ A[X, Y ] (which now depends on f(X)). Setting X = an,
Y = −f(an)/f ′(an), we obtain an expression

f(an+1) = g(an,−f(an)/f ′(an))(f(an)/f ′(an))2,

hence
v(f(an+1)) ≥ 2v(f(an))− 2v(f ′(an)).

By induction, this gives
v(f(an+1)) ≥ 2(v(f ′(an))) + 2nt,

as desired. In particular, f(an) → ∞ as n → ∞. Using the formula for an+1, we see that
this implies that (an)n≥1 is a Cauchy sequence, so there exists a limit a ∈ A. We must have
f(a) = 0.

This shows the existence of a root. We must show that v(a − x) > v(f ′(x)). Using
the definition of an, we see that it is enough to show that v(f(an)/f ′(an)) > v(f ′(an)) for all
n ≥ 1. We have already seen this above.

We now establish uniqueness. If b ∈ A is another root of f and v(b− x) > v(f ′(x)),
then we can write b = a+ h with v(h) > v(f ′(x)). Using again the partial Taylor expansion
for f , we find

0 = f(b) = f(a+ h) = f(a) + hf ′(a) + h2g(a, h) = hf ′(a) + h2g(a, h).

If h 6= 0, we can cancel to obtain f ′(a) = −hg(a, h), hence v(f ′(a)) ≥ v(h) > v(f ′(x)). This
is a contradiction, showing that h = 0 and a = b, as desired.

Corollary 2.7. Let A be a complete DVR with valuation v, and let f(X) ∈ A[X] be a monic
polynomial. Let f(X) ∈ kA[X] be the reduction of f(X) modulo mA. Suppose there exists

x ∈ kA such that f(x) = 0 and f
′
(x) 6= 0. Then there exists a unique y ∈ A such that

f(y) = 0 and y ≡ x mod mA.

Example 2.8. We can use this to understand which elements of Qp are squares. Any non-zero
element has a unique expression pnu with u ∈ Z×p , so it is equivalent to understand which
elements of Z×p are squares. A necessary condition is that u mod p ∈ F×p is a square, so let
us suppose this condition holds.

We apply Hensel’s lemma to the polynomial f(X) = X2 − u. Let v be an element of
Z×p such that v2 ≡ u mod p. If p is odd, then f ′(v) = 2v is a p-adic unit, so Hensel’s lemma
shows that there is a unique w ∈ Z×p such that w2 = u.
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If p is even, then a necessary condition is that u mod 8 ∈ (Z/8Z)× is a square, i.e.
that u ≡ 1 mod 8. This being the case, we have f(1) ≡ 0 mod 8 and f ′(1) = 2, hence
v(f(1)) ≥ 3 and v(f ′(1)) = 1. Hensel’s lemma shows in this case that there is a unique
w ∈ Z×p such that w2 = u.

Example 2.9. The group homomorphism Z×p → F×p is surjective. We can use Hensel’s
lemma to construct a section to this map, i.e. a homomorphism τ : F×p → Z×p such that
τ(a) mod p = a. Indeed, let f(X) = Xp − X. Then f ′(X) ≡ −1 modp, so the simple
version of Hensel’s lemma shows that for each a ∈ Fp, there is a unique b = τ(a) ∈ Zp
such that bp = b and b ≡ a mod p. The uniqueness implies that τ(aa′) = τ(a)τ(a′), hence
τ is a group homomorphism. The map a 7→ τ(a) is called the Teichmüller lift, and exists
for any complete DVR with finite residue field. (If the residue field has q elements, use the
polynomial Xq −X.)

We observe that the existence of τ implies that Q×p contains all of the (p− 1)th roots
of unity. Here is a particular consequence.

Lemma 2.10. Let q be a prime dividing (p − 1). Then Qp has exactly q + 1 isomorphism
classes of Galois extensions of degree q.

Proof. By Kummer theory, such extensions correspond to subgroups of Q×p /(Q×p )q of order
q. We have an isomorphism

Z× (1 + pZp)× F×p ∼= Q×p
(n, u, a) 7→ pnuτ(a),

hence an isomorphism
Q×p /(Q×p )q ∼= Z/qZ× F×p /(F×p )q.

Indeed, we have
1 + pZp ∼= lim←−

i

ker((Z/piZ)× → (Z/pZ)×),

showing that if n ∈ N and (n, p) = 1 then the map x 7→ xn is bijective on 1 + pZp (it is an
inverse limit of abelian groups of p-power order).

The group F×p /(F×p )q is cyclic of order q, so the lemma follows on noting that (Z/qZ)2

has exactly q + 1 subgroups of order q.

If p is odd then p− 1 is even, so we have:

Corollary 2.11. If p is an odd prime, then Qp has exactly 3 isomorphism classes of quadratic
extensions.

3 Extensions of Dedekind domains

Let A be a Dedekind domain with field of fractions K, and let E/K be a finite separable
extension. An element γ ∈ E is said to be integral over A if it satisfies an equation of the
form

γn + a1γ
n−1 + · · ·+ an = 0

with a1, . . . , an ∈ A.
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Lemma 3.1. The following are equivalent:

1. γ is integral over A.

2. A[γ] is a finitely generated A-submodule of E.

3. There exists a non-zero A[γ]-submodule M ⊂ E which is finitely generated as an A-
module.

Proof. 1 implies 2 because 1, γ, . . . , γn−1 generate A[γ]. 2 trivially implies 3. To show 3
implies 1, let M be an A[γ]-submodule of E which is finitely generated as an A-module.
Then EndA(M) is a finitely generated A-module which contains the elements 1, γ, γ2, . . . .
Since A is Noetherian γ must satisfy a monic relation with coefficients in A.

Let B be the integral closure of A in E, i.e. the set of elements b ∈ E satisfying an
equation of the form

bn + a1b
n−1 + · · ·+ an = 0

with a1, . . . , an ∈ A.

Lemma 3.2. B is a ring, which is integrally closed in E.

Proof. We first show that B is a ring. This means showing that if b, b′ ∈ B, then b+ b′ and
bb′ are integral over A. However, A[b, b′] is a finitely generated A-module which is stable
under multiplication by b+ b′ and bb′.

We next show B is integrally closed in E. Let γ ∈ E be integral over B. Thus γ
satisfies a relation γn+ b1γ

n−1 + bn = 0 with b1, . . . , bn ∈ B. It follows that A[b1, b2, . . . , bn, γ]
is a finitely generated A-module, hence that γ is integral over A, hence γ ∈ B.

A useful observation is that the formation of B commutes with localization. More
precisely, let S ⊂ A − {0} be a multiplicative subset. Then S−1A is a Dedekind domain
with field of fractions K, and the integral closure of S−1A equals S−1B. In particular,
(A− {0})−1B equals the integral closure of (A− {0})−1A = K, namely E. This shows that
B always spans E as a K-vector space.

Lemma 3.3. Let E/K be a finite separable extension of fields. Then the symmetric K-
bilinear form T : E × E → K given by the formula T (x, y) = trE/K(xy) is non-degenerate.

Proof. We must show that for any non-zero x ∈ E, there exists y ∈ E such that trE/K(xy) 6=
0. It is enough to show that trE/K 6= 0 as a homomorphism E → K. If L/K denotes the
Galois closure of E, then there are exactly n distinct K-embeddings σ1, . . . , σn : E ↪→ L;
and we have trE/K(x) = σ1(x) + · · · + σn(x). The lemma therefore follows from the fact
that the embeddings σ1, . . . , σn are linearly independent over L (even as homomorphisms
E× → L×).

Proposition 3.4. B is a finitely generated A-module. It is a Dedekind domain.
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Proof. Let e1, . . . , en be a K-basis for E. After multiplying through by elements of A, we
can suppose that each ei ∈ B. Let us note that if z ∈ B, then trE/K z is integral over A
and lies in K, hence lies in A. Indeed, let L/K denote the Galois closure of E/K, and let
σ1, . . . , σn : E → L be the distinct K-embeddings. Then trE/K(z) = σ1(z) + · · ·+ σn(z) lies
in K (it is a trace) and is integral over A (it is a sum of elements of the integral closure of
A in L). Since A is integrally closed in K, we find trE/K(z) ∈ A.

Let f1, . . . , fn ∈ E be the dual K-basis with respect to the non-degenerate symmetric
bilinear form T , so that T (ei, fj) = δij. We claim that B ⊂

∑n
i=1Afi. Since A is Noetherian,

this will show that B satisfies the ascending chain condition for A-submodules, hence for
B-submodules, hence that B is a Noetherian ring. To see this, let b ∈ B be a general
element, and write b =

∑n
i=1 aifi with ai ∈ K. Then for any j = 1, . . . , n we have T (b, ej) =

trE/K(bej) = aj ∈ A.
Let q ⊂ B be a non-zero prime ideal. To complete the proof, we must show that q

is a maximal ideal; equivalently, that B/q is a field. Let p = q ∩ A. Then p ⊂ A is prime.
It is also non-zero: if b ∈ q is a non-zero element, then we can find an equation of minimal
degree with ai ∈ A:

bn + a1b
n−1 + · · ·+ an = 0.

Then an ∈ q ∩ A = p and an 6= 0, by minimality.
There is an injective homomorphism A/p ↪→ B/q, A/p is a field, B/q is a domain,

and B/q is finite-dimensional as A/p-vector space. This implies that B/q is in fact a field.
Indeed, let α ∈ B/q be non-zero, and consider the map mα : B/q → B/q given by the
formula mα(β) = αβ. This is an A/p-linear map, and it is injective because B/q is a
domain. Since an injective endomorphism of a finite-dimensional vector space is surjective,
we see that there exists β ∈ B/q such that αβ = 1, hence α is a unit and B/q is a field.

Part of the above proof motivates the following definition:

Definition 3.5. If q ⊂ B is a non-zero prime ideal and p = q ∩ A, then we say that q lies
above p.

Lemma 3.6. Let q ⊂ B, p ⊂ A be non-zero prime ideals. Then the following are equivalent:

1. q lies above p.

2. q appears in the prime factorization of pB ⊂ B (in other notation, vq(pB) > 0).

Proof. If q lies above p then pB ⊂ q, hence qBq ⊂ qBq, hence vq(pB) > 0. Conversely, if
vq(pB) > 0 then pBq ⊂ qBq, hence (using qBq ∩ B = q) p ⊂ q, hence q ∩ A = p and q lies
above p.

Henceforth, if q is a non-zero prime ideal in a Dedekind domain, then we write kq for
its residue field.

Definition 3.7. Suppose that q ⊂ B is a non-zero prime ideal, and let p = q∩A. Then there
is a natural embedding of fields kp → kq. We define the ramification index eq/p = vq(pB) and
the residue degree fq/p = [B/q : A/p].
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Proposition 3.8. Let p ⊂ A be a non-zero prime ideal, and let n = [E : K]. Then we have
n =

∑
q|p eq/pfq/p, the sum running over all primes of B lying over p.

Proof. Let S = (A− p). After replacing A by S−1A and B by S−1B, we can assume that A
is a DVR. (Note that S−1B is the integral closure of S−1A, and if q ∩ S = ∅ then replacing
q by S−1q does not change e or f .) Then B is a torsion-free finitely generated A-module, so
is free of some finite rank. We have (A− {0})−1B = E, so this rank is dimK E = n.

To prove the proposition, we will calculate this rank in another way. Reducing mod-
ulo p, we also have n = dimA/pB/qB. By the Chinese remainder theorem, there is an
isomorphism

B/pB ∼=
∏
q|p

B/qeq/p ,

so we get n =
∑

q/p dimA/pB/q
eq/p . There is a filtration B ⊃ q ⊃ q2 ⊃ · · · ⊃ qeq/p , and each

qi/qi+1 is a B/q-vector space of dimension 1, hence an A/p-vector space of dimension fq/p.
We obtain

dimA/pB/q
eq/p = eq/pfq/p,

which completes the proof.

It is useful to introduce the following language.

Definition 3.9. Let p be a non-zero prime ideal of A. We say that p is unramified in B (or
E) if for each prime ideal q of B lying above p, the extension kq/kp is separable and fq/p = 1.

We say that p splits completely in B (or E) if for each prime ideal q of B lying
above p, we have eq/p = fq/p = 1. (Thus the number of such primes q is [E : K], by the
proposition).

We now compute an example. If E is a number field, then we will write OE for the
integral closure of Z in E; this is traditionally called the ring of integers of E. The most
elementary family of number fields is given by the quadratic extensions E/Q; each of these
may be represented uniquely in the form E = Q(

√
d), where d ∈ Z is a squarefree integer

such that d 6= 0, 1.
Let us first compute OE. We claim that OE = Z[

√
d] if d ≡ 2, 3 mod 4, and OE =

Z[(1 +
√
d)/2] if d ≡ 1 mod 4. The elements

√
d and (1 +

√
d)/2 satisfy the equations

X2− d = 0 and X2−X + (1− d)/4 = 0, respectively, showing that they are integral over Z.
Therefore what we need to show is that OE can not be any larger than the claimed rings.

Let α ∈ OE: then we can write α = a + b
√
d for some a, b ∈ Q. We observe that

Gal(E/Q) acts on OE. Indeed, if γ ∈ E satisfies an equation γ + a1γ
n−1 + · · · + an with

ai ∈ Z, and σ ∈ Gal(E/Q), then σ(γ) satisfies the same equation. In particular, α′ = a−b
√
d

also lies in OE, hence α + α′ = 2a and αα′ = a2 − db2 lie in OE ∩Q = Z.
We can therefore write a = u/2 with u ∈ Z. Then u2−4db2 is an integer. Considering

p-adic valuations for every prime p shows that 2b must also be an integer, so we can write
b = v/2 with v ∈ Z. Then u2 − dv2 must be in 4Z, hence u2 ≡ dv2 mod (4).

The only squares modulo 4 are 0, 1. If d ≡ 2, 3 mod 4 then we see that u, v must
both be even, hence a, b are both integers and α lies in Z[

√
d]. If d ≡ 1 mod 4 then we see

that u, v must have the same parity, and therefore that α lies in Z[(1 +
√
d)/2].
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This completes the computation of OE. We now show how to factorize pOE when p
is a prime number. We first consider the case where p is odd. In this case it is enough to
factorize pOE[1/2] (localization at the multiplicative subset {1, 2, 22, . . . }). This ring equals
Z[1/2,

√
d], independent of the value of d modulo 4.

We compute Z[1/2,
√
d]/(p) = Z[1/2, X]/(p,X2 − d) = Fp[X]/(X2 − d). There are

3 possibilities: if d is a quadratic residue modulo p then X2 − d splits into linear factors,
showing that OE/(p) is a product of fields and p splits completely in E. If d is a quadratic
non-residue modulo p then X2−d is irreducible, showing thatOE/(p) is a quadratic extension
of Fp, and hence that p is unramified in OE and does not split. Finally if p divides E then
OE/(p) = Fp[X]/(X2) has non-trivial nilpotent elements, which implies that p must ramify
in OE.

We now treat the case p = 2. If d ≡ 2, 3 mod 4 then we find OE/(2) = Z[
√
d]/(2) =

F2/(X
2− d) = F2/((X − d)2), which shows that 2 ramifies in E. If d ≡ 1 mod 4 then we see

that OE/(2) = F2[X]/(X2−X + (1− d)/4), showing that 2 splits if (1− d)/4 is even and is
unramified and does not split if (1− d)/4 is odd.

We now return to our general discussion of the integral closure of A in an extension
E/K, and suppose moreover that E/K is Galois. The same argument as in the quadratic
case shows that G = Gal(E/K) acts on B.

Proposition 3.10. Suppose that the extension E/K is Galois, and let p ⊂ A be a non-zero
prime ideal. Then:

1. The group G acts transitively on the set of primes of B lying above p.

2. Let q be a prime lying over p, and let σ ∈ G. Then fσ(q)/p = fq/p and eσ(q)/p = eq/p.

3. For any prime q of B lying over p, we have [E : K] = eq/pfq/pgq/p, where gq/p is the
number of distinct primes of B lying over p.

Proof. We first explain why G acts on the set of prime ideals of B lying above p. If σ ∈ G
then the restriction of σ to B is a ring automorphism of B that acts as the identity on A.
Therefore if q ⊂ B is a non-zero prime ideal, then σ(q) ⊂ B is also a non-zero prime ideal,
and we have σ(q) ∩ A = q ∩ A.

To show that the action is transitive, we can first localize to replace A by Ap and
assume that A is a DVR. Let q, q′ be distinct primes of B lying above p, and let π ∈ B be a
generator of q. Then NE/K(π) =

∏
σ∈G σ(π) ∈ q ∩A = p ⊂ q′. Since q′ is prime there exists

σ ∈ G such that σ(π) ∈ q′, hence σ(q) ⊂ q′, hence σ(q) = q′, as desired.
This shows the first part of the proposition. The second follows from the definitions.

The third follows from the previous proposition.

If the extension E/K is Galois and q is a non-zero prime of B lying above the prime
p of A, then we define Dq/p = StabG(q), and call it the decomposition group at the prime q.

Proposition 3.11. Suppose that the extension E/K is Galois, and let q be a prime of B
lying above the prime p of A such that the corresponding extension kq/kp of residue fields is
separable. Then it is Galois, and the induced map Dq/p → Gal(kq/kp) is surjective.
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Proof. Let x ∈ kq, and let x ∈ B be any element with x = x mod q. Let f(X) =
∏

σ∈G(X −
σ(x)) ∈ A[X]. Let f(X) = f(X) mod p ∈ kp[X]. By construction, the polynomial f(X) has
x as a root and splits into linear factors in kq[X]. Since x was arbitrary, this shows that kq
is normal, hence Galois over kp.

To show that the map Dq/p → Gal(kq/kp) is surjective, let x ∈ kq be a primitive
element; this exists since the extension kq/kp is separable. We can assume that x is not 0
(since otherwise kq = kp and the proposition is trivial). By the Chinese remainder theorem,
we can choose an element x ∈ B lifting x such that x ∈ q′ if q′ 6= q is any other prime
of B lying over the prime p. Form the polynomial f(X) as before; we now have f(X) =
Xd
∏

σ∈Dq/p
(X − σ(x)) for some d ≥ 0.

If τ ∈ Gal(kq/kp), then τ(x) is a non-zero root of f(X), hence there exists σ ∈ Dq/p

such that σ(x) = τ(x). Since x is a primitive element, this shows that the image of σ in
Gal(kq/kp) equals τ , as desired.

Definition 3.12. In the situation of the proposition, we call Iq/p = ker(Dq/p → Gal(kq/kp))
the inertia group at the prime q.

Observe that we have #Iq/p = eq/p; in particular, the inertia group is trivial if and
only if the prime q is unramified over p.

The above formalism is particularly pleasant when E/K is an extension of number
fields. Indeed, if p ⊂ OK is a non-zero prime ideal, thenOK/p is a finite field. Every extension
of finite fields is separable, so if E/K is Galois we always have a surjective homomorphism
Dq/p → Gal(kq/kp). Moreover, Gal(kq/kp) is cyclic, with a canonical generator given by the
Frobenius automorphism x 7→ x|kp|. When p is unramified in E, we therefore have a well-
defined element Fq/p ∈ Gal(E/K), called the Frobenius automorphism at q: it is the unique
element of Dq/p which induces the Frobenius automorphism on the residue field extension
kq/kp.

This allows us to prove an important computational result from the Part II Galois
Theory course. Let f(X) = Xn + a1X

n−1 + · · · + an ∈ Z[X] be an irreducible polynomial,
and suppose that E/Q is the splitting field of f(X); let α1, . . . , αn ∈ E be the roots of f(X).
Then we can identify Gal(E/Q) with a subgroup of the symmetric group on n letters (via
its action by permutations of α1, . . . , αn).

The result states that if p is a prime such that f(X) = f(X) mod p factors as
f(X) =

∏k
i=1 f i(X), where f 1(X), . . . , fk(X) are distinct irreducible polynomials in Fp[X],

then Gal(E/Q) contains an element in Sn of cycle type (deg f 1) . . . (deg fk).
This is the Frobenius element Fq/p! Indeed, let q be a prime ideal of OE lying above

p, and let α1, . . . , αn ∈ kq be the images of the roots of f(X) under reduction modulo q.
Since f(X) has no repeated factors, it has no repeated roots, and α1, . . . , αn are the distinct
roots of f(X) in kq. In particular, the map Dq/p → Gal(kq/kp) is injective, so p is unramified
in E.

The irreducible factors of f(X) in kp[X] correspond to orbits for Gal(kq/kp) on
α1, . . . , αn. This says precisely that the cycle type of Fq/p, as a permutation of α1, . . . , αn,

equals (deg f 1) . . . (deg fk).
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The above discussion shows how one can understand the decomposition group in the
unramified situation. In general, the right tool is passage to completion. This is explained
in the following proposition.

Proposition 3.13. Let A be a Dedekind domain with field of fractions K, let E/K be a
finite separable extension, let B be the integral closure of A in E, and let q be a non-zero
prime ideal of B lying above the prime p of A. Then:

1. There is a canonical embedding of DVRs Âp → B̂q extending the embedding A→ B.

2. Let Eq, Kp denote the fields of fractions of B̂q and Âp, respectively. Then Eq/Kp is a

finite separable extension, equal to the compositum Kp ·E, and B̂q is the integral closure
of Kp in Eq.

3. We have eqB̂q/pÂp
= eq/p, fqB̂q/pÂp

= fq/p, and [Eq : Kp] = eq/pfq/p.

4. Suppose further that the extension E/K is Galois. Then Eq/Kp is Galois and the
natural map Dq/p → Gal(Eq/Kp) given by passage to completion is an isomorphism.

Proof. We first note that we have Âp
∼= lim←−

i

A/pi, and similarly for B̂q. Indeed, it suffices to

note that the natural map A/pi → Ap/p
i
p is an isomorphism for any i ≥ 1. Also, we are free

to replace A by its localization Ap. We can therefore assume that A is a DVR, and hence
that B is a finite free A-module.

We have natural maps A/pi → B/qi for each i ≥ 1, and passage to the inverse limit

gives a map Âp → B̂q. It is injective because the map A → B is injective. If we write
q = q1, . . . , qr for the distinct primes of B above p, then there is an isomorphism (by the
Chinese Remainder Theorem)

lim←−
i

B/piB ∼=
r∏
i=1

B̂qi .

Since B is a finite free A-module, lim←−
i

B/piB is a finite free Âp-module. We conclude that

the quotient B̂q is a finite free Âp-module. In particular, B̂q is integral over Âp, hence is the

integral closure of Âp in Eq.

The map B/pB → B̂q/pB̂q is surjective (for example, by considering π-adic expan-

sions), so Nakayama’s lemma shows that B generates B̂q as an Âp-module. Passing to
fraction fields, we see that E spans Eq as a Kp-vector space. In particular, Eq is equal to
the compositum of its subfields E and Kp. This shows Eq/Kp is separable (it is obtained by
adjoining the roots of a separable polynomial) and Galois if E/K is.

So far we have proved the first two parts of the proposition. For the third, we observe
that Âp/p = A/p, and similarly for B̂q. In other words, completion does not change residue
fields, so in particular the residue degree f is unchanged. On the other hand we have
pB̂q =

∏r
i=1 q

eqi/p
i B̂q = qeq/pB̂q, since qiB̂q is the unit ideal if i > 1. This shows the third

part.
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Finally, we suppose that E/K is Galois and prove the fourth part. If σ ∈ Dq/p, then
σ(q) = q, hence σ(qi) = qi for any i ≥ 1. It follows that σ extends, by passage to inverse limit,

to an automorphism of B̂q which fixes Âp. We obtain a homomorphism Dq/p → Gal(Eq/Kp).
It is injective because E ⊂ Eq. It is surjective because the source and target have the same
cardinality (namely eq/pfq/p).

Corollary 3.14. Let A be a Dedekind domain with field of fractions K, let E/K be a finite
separable extension, let B be the integral closure of A in E, and let p be a non-zero prime
ideal of A. Let α ∈ E be such that E = K(α), and let f(X) ∈ K[X] denote the minimal
polynomial of α. Then the following two sets are in canonical bijection:

1. The prime ideals of B lying above the prime ideal p

2. The irreducible factors of f(X) in Kp[X].

The correspondence is given as follows: a prime ideal q ⊂ B lying above p corresponds to
the unique irreducible factor g(X) of f(X) in Kp[X] such that g(α) = 0 in Eq.

Proof. Let L/K be the Galois closure of E/K, and let G = Gal(L/K), H = Gal(L/E).
Let C denote the integral closure of A in L, and let r be a fixed prime ideal of C above p.
We first note that there is an isomorphism of G-sets (i.e. sets with left G-action) between
G/H and the set of roots of f(X) in L, hence an isomorphism of Dr/p = Gal(Lr/Kp)-sets
between G/H and the set of roots of f(X) in Lr. It follows that the irreducible factors of
f(X) in Kp[X] are in bijection with the set of orbits of Dr/p on G/H. This set of orbits
is identified with the double quotient Dr/p\G/H, and element σ ∈ G corresponding to the
unique irreducible factor g(X) of f(X) in Kp[X] such that g(σ(α)) = 0 in Lr.

On the other hand, there is an isomorphism of G-sets between G/Dr/p and the set of
prime ideals of C lying above p, because G acts transitively with stabilizer Dr/p. The set
of prime ideals of B lying above p is in bijection with the set of H-orbits, because H acts
transitively on the set of prime ideals of C above a given prime ideal of B. We conclude that
the set of prime ideals of B lying above p is in bijection with the double quotient H\G/Dr/p,
an element σ ∈ G determining the prime ideal σ(r) ∩B.

These two double quotients are in bijection via the map Dr/pσH 7→ Hσ−1Dr/p. This
bijection can be written explicitly as follows: if g(X) is an irreducible factor of f(X) in
Kp[X], we choose σ ∈ G such that g(σ(α)) = 0 in Lr. Then we take the prime ideal
σ−1(r) ∩B of B.

To complete the proof, we must show that this bijection coincides with the one given in
the statement of the corollary. Equivalently, we must show that if σ ∈ G, then g(σ(α)) = 0
in Lr if and only if g(α) = 0 in Eσ−1(r)∩B. To see this, we note that σ−1 determines an
isomorphism Lr → Lσ−1(r) of extensions of Kp. This implies that g(σ(α)) = 0 in Lr if and
only if σ−1(g(σ(α)) = g(α) = 0 in Lσ−1(r). Since Lσ−1(r) contains Eσ−1(r)∩B as a subfield (in
fact, the subfield Kp(α)), this completes the proof.

As a simple example, consider E = Q(i), K = Q. We have seen that 2OE = (1 + i)2;
thus X2 + 1 is irreducible in Q2[X]. On the other hand, 5OE = (2 + i)(2− i), where (2 + i),
(2− i) are distinct prime ideals of OE. It follows that X2 + 1 must factorize in Q5[X].
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We now describe this factorization. By Hensel’s lemma, there is a unique element
θ ∈ Z5 such θ2 = −1 and θ ≡ 2 mod (5). Then X2 + 1 = (X + θ)(X − θ) in Q5[X]. Which
factor corresponds to which prime ideal of OE? The ideal (2 + i) corresponds to the factor
g(X) such that g(i) = 0 in E(2+i). Since i ≡ −2 mod (2 + i), we see that the corresponding
irreducible factor is X + θ. Similarly, the ideal (2− i) corresponds to the factor (X − θ).

For another example, we consider the field E = Q( 3
√

2), K = Q, and factorise 5OE.
The polynomial X3− 2 is irreducible in Q[X]. Since 33 ≡ 2 mod (5), Hensel’s lemma shows
that there is a unique θ ∈ Z5 such that θ3 = 2, and also that there are no other roots of
X3 − 2 in Z5 (since there are none in F5).

We conclude that X3− 2 factors as (X− θ)g(X) in Q5[X], where g(X) is irreducible,
and hence that there are exactly two distinct prime ideals q1, q2 of OE lying above 5OE. If
q1 corresponds to (X − θ) then Eq1 = Q5, while Eq2 is a quadratic extension of Q5.

4 Extensions of complete DVRs

We have shown that understanding the decomposition of prime ideals, and their decomposi-
tion groups, in an extension of Dedekind domains is equivalent to understanding the Galois
theory of extensions of complete fields. Accordingly, we now focus on this case.

Definition 4.1. We call a complete discrete valuation field (CDVF) a pair (K, vK) consisting
of a field K and a valuation vK : K× → Z such that the corresponding DVR AK = {x ∈
K× | vK(X) ≥ 0} ∪ {0} is complete.

We usually say that K is a CDVF, and leave vK implicit. We write AK for its discrete
valuation ring, πK ∈ AK for a choice of uniformizer, and kK = AK/(πK) for the residue field.

Lemma 4.2. Let K be a CDVF, and let E/K be a finite separable extension. Then E has
a natural structure of CDV F .

Proof. Let B denote the integral closure of AK in E. It is a Dedekind domain; we first show
that B has a unique non-zero prime ideal (as then it is a DVR, which defines the valuation
on E). Let α ∈ E be a primitive element, and let f(X) ∈ K[X] be its minimal polynomial.
By Corollary 3.14, the non-zero prime ideals of B correspond to factors of f(X) in K[X] (as
AK is already complete); so there is a unique such.

We next show that B is complete. Let p ⊂ A, q ⊂ B be the non-zero prime ideals,
so pB = qeq/pB. The ring B is finite free as an A-module, so there is an isomorphism
B ∼= lim←−

i

B/piB = lim←−
i

B/qieq/pB. In other words, B is complete.

In particular, it makes sense to define eE/K = eq/p and fE/K = fq/p. Note that by
definition, we have vE|K× = eE/KvK .

Definition 4.3. Let E,K be CDVFs. We call an extension E/K an extension of CDVFs
if it is finite and separable and vE is the valuation associated to vK by Lemma 4.2.
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We say that an extension E/K of CDVFs is unramified if eE/K = 1, fE/K = [E : K],
and the extension kE/kK is separable. We say that it is totally ramified if eE/K = [E : K]
and fE/K = 1.

Corollary 4.4. Suppose that E/K is a Galois extension of CDVFs. Then for any x ∈ E
and σ ∈ Gal(E/K), we have vE(σ(x)) = vE(x).

Proof. This is true since any σ ∈ Gal(E/K) determines an automorphism of AE which acts
as the identity on the subring AK ⊂ AE.

Corollary 4.5. Let E/K be an extension of CDVFs. For any x ∈ E×, we have vE(x) =
1

fE/K
vK(NE/K(x)).

Proof. Let L/K be the Galois closure of L. Then for any x ∈ E× we have NL/K(x) =∏
σ∈Gal(L/K) σ(x) = NE/K(x)[L:E] and hence

vK(NE/K(x)) = e−1L/K [L : E]−1vL(NL/K(x)) = e−1L/K [L : E]−1[L : K]vL(x)

= e−1L/KeL/E[L : E]−1[L : K]vE(x) = e−1E/K [E : K]vE(x).

Using the formula eE/KfE/K = [E : K] gives the desired result.

Working in a complete DVR is very pleasant. We now give several examples of this.

Definition 4.6. Let A be a DVR and let v : K× → Z be the corresponding valuation.
If f(X) = Xd + a1X

d−1 + · · · + ad ∈ K[X] is a polynomial with ad 6= 0, then we define
the Newton polygon of f to be the graph of the largest continuous piecewise linear function
N : [0, d]→ R satisfying the following conditions:

• N(0) = 0 and N(d) = v(ad).

• For all j = 1, . . . , d, N(j) ≤ v(aj) if aj 6= 0.

• The graph of N is convex (i.e. the sequence of slopes of line segments of NK(f) is
increasing).

In other words, the Newton polygon is the lower convex hull of the set of points
(j, v(aj)).

Proposition 4.7. Suppose that f(X) factors as f(X) =
∏d

i=1(X−αi) with αi ∈ K. Suppose
that the Newton polygon of f(X) has slopes γ1 ≤ γ2 ≤ · · · ≤ γd, counted with multiplicity.
Then after re-ordering we have γi = v(αi) for each i.

Proof. Let λi = v(αi); we can assume after re-ordering that λ1 ≤ λ2 ≤ · · · ≤ λd. Define the
λ-polygon to be the graph of the continuous piecewise linear function L : [0, d] → R with
L(0) = 0 and L′(x) = λi for x ∈ (i− 1, i). Then L(d) = λ1 + · · ·+ λd = v(α1 . . . αd) = v(ad),
so the Newton polygon and the λ-polygon have the same endpoints. We must show that
they are in fact the same.
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We first show that the Newton polygon lies above the λ-polygon. For this, it suffices
to show that for all j = 1, . . . , d, we have v(aj) ≥ λ1 + · · · + λj. But we can write aj =
±
∑
αi1 . . . αij , and each term in the sum has valuation λi1 + · · · + λij ≥ λ1 + · · · + λj. We

therefore have v(aj) ≥ λ1 + · · ·+ λj, by the ultrametric property.
We now show that the two polygons are in fact equal. We will use the following

general fact: if x1, . . . , xr ∈ K and v(x1) < v(xj) for all j > 1, then v(x1 + · · ·+ xr) = v(x1).
Suppose that λ1 = · · · = λk1 < λk1+1 = · · · = λk2 < . . . . We can write

akj = α1 . . . αkj +
∑

αi1 . . . αikj .

The terms in the sum all involve αr for some r > kj, hence have valuation strictly greater
than λ1 + · · ·+ λkj . We conclude that v(akj) = v(α1 . . . αkj) = λ1 + · · ·+ λkj .

This implies that the two polygons must in fact coincide. Indeed, we have shown that
the Newton polygon lies above the λ-polygon, and that the Newton polygon shares a vertex
with each of the vertices of the λ-polygon. This completes the proof.

Corollary 4.8. Let A be a complete DVR with Frac(A) = K, and let f(X) = Xd+a1X
d−1+

· · ·+ad ∈ K[X] be a separable polynomial with ad 6= 0. Suppose that the slopes of the Newton
polygon of f(X) are λ1 ≤ · · · ≤ λk, each appearing with width w1, . . . , wk. Then there is a
unique factorization f(X) =

∏k
i=1 gi(X) in K[X] such that deg gi(X) = wi and the Newton

polygon of gi(X) has a single segment of slope λi.

Proof. Let L/K denote the splitting field of f(X). Then L/K is Galois (this is where we
use the hypothesis that f(X) is separable – we could alternatively assume that K is perfect,
allowing the possibility that f(X) has repeated roots). In particular, L/K is an extension
of CDVFs. Let α1, . . . , αn be the roots of f(X) in L. We know that the numbers λi are
exactly the e−1L/KvL(αj), with the width wi being the number of j with vL(αj) = eL/Kλi. We

therefore define gi(X) =
∏

(X−αj), the product being over the roots with vL(αj) = eL/Kλi.

We clearly have f(X) =
∏k

i=1 gi(X) in L[X]. We claim that each gi(X) in fact lies
in K[X]. The group Gal(L/K) permutes the αi leaving the values vL(αi) invariant, so fixes
the coefficients of each gi(X), so we have gi(X) ∈ K[X] by Galois theory. The uniqueness
of the given factorization is clear.

Example 4.9. The polynomial X3 + X2 − 2X + 8 has 3 distinct roots in Q2, because its
Newton polygon has 3 distinct slopes.

Definition 4.10. Let A be a discrete valuation ring with field of fractions K, and let vK :
K× → Z be the associated valuation. Let f(X) = Xn + a1X

n−1 + · · · + an ∈ A[X] be a
polynomial with an 6= 0. We say that f(X) is Eisenstein if a1, . . . , an−1 lie in the maximal
ideal of A and vK(an) = 1.

Equivalently, a monic polynomial f(X) ∈ A[X] of degree n and with f(0) 6= 0 is
Eisenstein if NK(f) consists of a single line segment of slope 1/n.

Proposition 4.11. Let K be a CDVF.
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1. Let f(X) = Xn + a1X
n−1 + · · · + an ∈ AK [X] be a separable polynomial which is

Eisenstein. Then f(X) is irreducible and the extension E = K[X]/(f(X)) is totally
ramified, and X mod f(X) ∈ AE is a uniformizer.

2. Suppose conversely that E/K is a totally ramified extension of CDVFs, and let πE ∈
be a uniformizer with minimal polynomial f(X) = Xn + a1X

n−1 + · · · + an ∈ AK [X].
Then n = [E : K], E = K(πE), and f(X) is Eisenstein.

Proof. Let L denote the splitting field of f(X), and let π ∈ L be a root, E = K(π). Then
NE(f) is the dilation (in the y-direction) of NK(f) by a factor of eE/K . Hence it is a single
line segment of slope eE/K/n. Since f(X) has a root in E, this slope must be an integer, so
eE/K ≥ n. On the other hand we have eE/K ≤ [E : K] ≤ n. Therefore equality holds, f(X)
is irreducible, and E/K is totally ramified. Moreover, vE(π) = 1.

Suppose instead that E/K is a totally ramified extension, and let f(X) ∈ AK [X]
be the minimal polynomial of a uniformizer πE ∈ AE. Then NK(f) has a single slope
(since all of the roots of f(X) in a splitting field are conjugate over K, so have the same
valuation), which equals e−1E/K . The y-coordinate of the end-point of NK(f) is therefore

n/eE/K = vK(an). Since n ≤ [E : K] = eE/K and vK(an) is an integer, we find n = [E : K]
and so f(X) is irreducible and f(X) is Eisenstein.

Having given a characterization of totally ramified extensions, we turn to the unram-
ified case.

Proposition 4.12. Let K be a CDVF, and let l/kK be a finite separable extension. Then
there exists an extension L/K of CDVFs and an isomorphism ι : l → kL with the following
properties:

1. The extension L/K is unramified.

2. For any finite separable extension E/K equipped with a k-embedding  : l → kE, there
is a unique K-embedding J : L→ E which induces  ◦ ι−1 on residue fields.

Proof. Let α ∈ l be a primitive element, let f(x) ∈ kK [X] be its minimal polynomial, and
let f(X) ∈ AK [X] be a monic polynomial with reduction modulo πK equal to f(X). Then
f(X) is irreducible and separable. Indeed, any factorization f(X) = g(X)h(X) in AK [X]
could be reduced modulo πK to obtain a non-trivial factorization of f(X), contradicting the
irreducibility of f(X). It is separable since the reduction modulo πK of the discriminant
disc f equals disc f which is a non-zero element of kK .

Let L = K[X]/(f(X)), and let α = X mod (f(X)) ∈ L. Then L/K is an extension of
CDVFs and α ∈ AL. We observe that there is a ring homomorphism AK [X]/(f(X))→ AL,
hence a ring homomorphism AK [X]/(f(X), πK) ∼= l → AL/(πK) → AL/(πL) ∼= kL. Since
any homomorphism of fields is injective, this is actually a kK-embedding l → kL. Since
fL/K ≤ [L : K] = deg f = deg f = [l : kK ], the map l → kL is an isomorphism, fL/K = [L :
K], and the extension L/K is unramified.

We next address the universal property of L/K. Let E/K be an extension of CDVFs.
We know that K-embeddings L→ E are in bijective correspondence with roots of f(X) in
E, hence in AE (since any such root is integral over AK).
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On the other hand, kK-embeddings kL → kE are in bijective correspondence with
roots of f(X) in kE. Thus we can associate to any J : L → E a  : kL → kE by taking
reduction modulo (πE) of the associated root of f(X).

To complete the proof, we need only observe that the simple version of Hensel’s
lemma implies that reduction modulo (πE) gives a bijective correspondence between roots
of f(X) in AE and roots of f(X) ∈ kE; note that since f(X) is separable, each root in kE is
necessarily a simple root.

We now present some important consequences of this result. The first is that for any
prime p and any n ≥ 1, there is a unique unramified extension En/Qp of degree n, up to
isomorphism. Indeed, we know from Galois Theory that there is a unique extension Fpn/Fp
of degree n, up to isomorphism. The proposition provides an unramified extension En/Qp

equipped with an isomorphism ι : Fpn → kEn . If Ln/Qp is another unramified extension of
degree n, then there is an isomorphism  : Fpn → kLn , which is automatically upgraded to
an isomorphism J : En → Ln.

The second is that for any extension E/K of CDVFs with separable residue field
extension kE/kK , there is a unique subextension E/E0/K with the property that E0/K
is unramified and kE = kE0 . Indeed, the proposition provides an extension E0/K with
an isomorphism ι : kE → kE0 . The universal property then implies the existence of an
embedding J : E0 → E which induces ι−1 at the level of residue fields, so we can identify
E0 with a subfield of E. We see that E0 contains any intermediate field E/E1/K such that
E1/K is unramified; we can therefore call E0 the maximal unramified subextension of E/K.

When E/K is further Galois, we can characterize E0 in a different way. Indeed,
in this case we have proved that kE/kK is Galois and that there is a surjective homomor-
phism Gal(E/K) → Gal(kE/kK). We define the inertia group IE/K to be the kernel of
this homomorphism. Galois Theory implies that E1 = EIE/K is a subextension of E/K
with Gal(E1/K) = Gal(kE/kK). We claim that in fact E0 = E1, and E1 is the maximal
unramified subextension of E/K:

Proposition 4.13. Let E/K be a Galois extension of CDVFs, with kE/kK separable. Then
the maximal unramified subextension E0 of E/K equals EIE/K .

Proof. Let α ∈ kE be a primitive element, let f(X) ∈ kK [X] be its minimal polynomial, and
let f(X) ∈ AK [X] be any monic lift of f(X). We have seen that E0 may be characterized
as the subfield of E generated by a root of f(X). On the other hand, Hensel’s lemma shows
that f(X) splits into linear factors in AE0 [X]. Consequently E0 is the splitting field of f(X),
and is a Galois extension of K. The map reduction modulo πK gives a bijection between the
roots of f(X) in E0 and the roots of f(X) in kE. In particular, an element σ ∈ Gal(E/K)
acts as the identity on E0 if and only if it acts as the identity on kE. This shows that
Gal(E/E0) = IE/K , and hence that EIE/K = E0, as claimed.

Let E/K be a Galois extension of CDVFs such that kE/kK is separable.

Definition 4.14. Let G = Gal(E/K). For each i ≥ 0 we define the ith lower ramification
group Gi = ker(Gal(E/K)→ Aut(AE/(π

i+1
E ))). By convention, we take G−1 = G.
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Thus G0 = IE/K = ker(Gal(E/K) → Gal(kE/kK)) is the usual inertia group. We
have G−1 ⊃ G0 ⊃ G1 ⊃ . . . and ∩i≥0Gi = {1}. Moreover, each Gi is a normal subgroup of
G (it is the kernel of a homomorphism). If E/L/K is an intermediate field extension and
H = Gal(E/L), then it follows from the definition that Hi = H ∩Gi. The following lemma
is useful for computations.

Lemma 4.15. Let σ ∈ G0. Then for each i ≥ 0, σ ∈ Gi if and only if vE(σ(πE)−πE) ≥ i+1.

Proof. Let E0/K denote the maximal unramified subfield of E/K, so G0 = Gal(E/E0).
We have AE = AE0 [πE]. Indeed, by Nakayama’s lemma this holds provided the map
AE0 [πE] → AE/(πE0) = AE/(π

eE/K

E ) is surjective. However, any element of AE admits a
πE-adic expansion

∑∞
j=0 ajπ

j
E, where the elements aj lie in AE0 (as the map AE0 → kE is

surjective), and any finite such expression lies in AE0 [πE].
We see in particular that σ ∈ G0 acts trivially on AE/(π

i+1
E ) if and only if σ(πE) ≡

πE mod (πi+1
E ), of equivalently vE(σ(πE)− πE) ≥ i+ 1.

Example 4.16. Let E = Q2(
√

2), K = Q2. Then E is the splitting field of the Eisenstein
polynomial X2 + 2, so E/K is ramified and we can choose πE =

√
2 as a uniformizer. The

Galois group G = {1, s} contains two elements, and vE(s(πE)− πE) = vE(−
√

2−
√

2) = 3.
Thus G = G0 = G1 = G2, and G3 = G4 = . . . are trivial.

Example 4.17. Let E = Q2(i), K = Q2. The identity (1 + i)2 = 2i shows that E/K is a
ramified quadratic extension and that we can choose πE = 1+ i as a uniformizer. The Galois
group G = {1, t} has two elements, and vE(t(πE)− πE) = vE(−i− i) = vE(−2i) = 2. Thus
G = G0 = G1 and G2 = G3 = . . . are trivial.

We see that in the first case, we have to go one step deeper into the filtration of G
by its lower ramification groups before they become trivial. This is a sense in which the
extension Q2(

√
2) is “more ramified” than the extension Q2(i).

Example 4.18. Let E = Q2(
√

2, i), K = Q2. Then E is compositum of two ramified quadratic
extensions, which are distinct (since they have different ramification groups). Therefore E/K
has degree 4 and Gal(E/K) has 4 elements {1, s, t, st}, where s sends

√
2 to −

√
2 and fixes

i, while t sends i to −i and fixes
√

2.
The element ζ = (1 + i)/

√
2 is a primitive 8th root of unity, and ζ − 1 is a root of the

polynomial (X + 1)4 + 1 = X4 + 4X3 + 6X2 + 4X + 2, which is Eisenstein over Q2. We find
that E/K is totally ramified, so G = G0, and πE = ζ − 1 is a uniformizer.

We calculate vE(σ(πE)− πE) = vE(σ(ζ)− ζ) for the various elements σ ∈ G:

s : vE(−1 + i√
2
− 1 + i√

2
) = vE(−2ζ) = 4,

t : vE(
1− i√

2
− 1 + i√

2
) = vE(− 2i√

2
) = 2,

st : vE(−1− i√
2
− 1 + i√

2
) = vE(−

√
2) = 2.

We find G0 = G1 = {1, s, t, st}, G2 = G3 = {1, s}, and G4 = {1}.
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Lemma 4.19. Let π ∈ AL be a uniformizer, and let s ∈ G0, i ≥ 0. Then s ∈ Gi if and only
if s(π)/π ≡ 1 mod (πi).

Proof. We can assume, after replacing K by the maximal unramified subextension of L/K,
that L/K is totally ramified and AL = AK [π]. If s ∈ G0, then we have iG(s) = vL(s(π)−π) =
vL(s(π)/π − 1) + 1, hence iG(s) ≥ i+ 1 if and only if s(π)/π ≡ 1 mod πiB.

If s ∈ G0, then the element s(π)/π lies in A×L (since it has valuation 0). We define a
filtration of the group UL = A×L by the formula U i

L = ker(A×L → (AL/π
i)×). We thus have

UL/U
1
L
∼= (AL/mL)× = k×L . On the other hand for i ≥ 1 we have U i

L = 1 + πiAL, and we
have an isomorphism πiAL/π

i+1AL ∼= U i
L/U

i+1
L given by x 7→ 1 + x. It is a homomorphism

because (1 + x)(1 + y) = 1 + x+ y + xy, and xy ∈ πi+1AL.

Proposition 4.20. Let π ∈ AL be a uniformizer.

1. There is an injection G0/G1 → k×L given by the formula s 7→ s(π)/π mod mL.

2. For each i ≥ 1, there is an injection Gi/Gi+1 → πiAL/π
i+1AL given by the formula

s 7→ s(π)/π − 1.

3. The quotient G0/G1 is cyclic. If kL has characteristic 0, then the group G1 is trivial.
If kL has characteristic p > 0, then the group G1 is the unique p-Sylow subgroup of G0.

Proof. We have already proved the first two parts. We prove the third. The group G0 is
finite, and G0/G1 is a finite subgroup of the multiplicative group of a field, which is therefore
cyclic. If kL has characteristic 0, then each of the quotients Gi/Gi+1, i > 0, is a finite group
which injects into a Q-vector space, which is therefore trivial. Since ∩iGi = {1}, we see that
the group G1 must be trivial.

If kL has characteristic p, then the same argument shows that G1 has order a power
of p: each Gi/Gi+1 is a subgroup of the additive group of a 1-dimensional kL-vector space.
On the other hand, the quotient G0/G1 injects into the torsion subgroup of k×L , which has
order prime to p. The result follows.

Corollary 4.21. The group IL/K = G0 is soluble. If the residue field kK is finite, then the
group Gal(L/K) is soluble. There is no Galois extension E/Qp with Galois group A5.

Definition 4.22. If L/K is a Galois extension of complete discrete non-archimedean valued
fields, we say that L/K is tamely ramified if the group G1 is trivial. We say that it is wildly
ramified if G1 is non-trivial.

Corollary 4.23. Suppose that the extension L/K is Galois and totally tamely ramified of
degree n. Then K contains the nth roots of unity, and there exists a uniformizer πK ∈ AK
such that L = K( n

√
πK).

Proof. There is an embedding G0 ↪→ k×K . Any finite subgroup of k×K is cyclic, so we find that
G0 is cyclic of degree n. By the existence of Teichmüller representatives, we find that K itself
contains the nth roots of unity. Moreover, if πL ∈ AL is a uniformizer and σ ∈ Gal(L/K) is a
generator, then there is a primitive nth root of unity ζ ∈ A×K such that σ(πL) = ζπL mod π2

L.
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Let α = πL + ζ−1σ(πL) + ζ−2σ2(πL) + · · · + ζ−(n−1)σn−1(πL). Then σ(α) = σ(πL) +
· · · + ζπL = ζα, hence αn ∈ AK . We claim that α is a uniformizer of AL. We calculate
modulo π2

L: here, we have

α mod π2
L ≡ πL + ζ−1ζπL + ζ−2ζ2πL + · · · = nπL mod π2

L.

Since L/K is tamely ramified, n ∈ A×K and hence v(α) = v(πL) = 1. It follows that
AL = AK [α] and αn = πK is a uniformizer of AK .

We now continue to investigate the situation where E/K is a Galois extension of
CDVFs with kE/kK separable. Consider an intermediate extension E/L/K with L/K Galois,
and let H = Gal(E/L), a normal subgroup of G. It is immediate from the definition that
lower ramification subgroups are compatible with passage t subgroups: Hi = Gi∩H for each
i ≥ 0. However, this is not true for passage to quotient, as the following example shows:

Example 4.24. Let E = Q2(
√

2, i). We have seen that G = Gal(E/Q2) ∼= (Z/2Z)× (Z/2Z).
We have G = G0 = G1, and G2 = G3 = Gal(E/Q2(i)), G4 = {1}.

If L = Q2(
√

2), H = Gal(E/L), G/N = {1, t}, then (G/H)0 = (G/H)1 = (G/H)2,
(G/H)3 = {1}. In particular, (G/H)3 is not equal to the image of G3 in G/H.

We now show how to modify the numbering of ramification subgroups so that they
become compatible with passage to quotient. This work will later play an essential role in
our formulation of global class field theory.

Definition 4.25. If u ≥ 0 is a real number, then we define Gu = Gdue. The ramification
function is ϕE/K : [0,∞)→ [0,∞) is defined by ϕE/K(u) =

∫ u
t=0

[G0 : Gu]
−1dt.

We observe that ϕ is a continuous, piecewise linear, strictly increasing homeomor-
phism of [0,∞) to itself. The points of discontinuity of its derivative occur at integer values
of u.

Definition 4.26. For v ∈ [0,∞), we define ψE/K(v) = ϕ−1E/K(v). Thus ψE/K is a continuous

piecewise linear, increasing homeomorphism of [0,∞) to itself. The ramification groups Gv

are then defined for all real numbers v ∈ [0,∞) by the formula Gv = GψE/K(v).

It is clear from the definition that ∩v>0G
v = {1} and that G0 = G0 = IE/K . The

filtration is left-continuous, in the sense that Gv = ∩ε>0G
v−ε for all v ≥ 0. We say that a real

number v is a jump in the upper-numbering filtration if the inclusion Gv+ε ⊂ Gv is strict for
all ε > 0. In contrast to the lower numbering, jumps can occur at rational numbers which
are not integers! (See Question 4 on the example sheet for an example of this behaviour.)

Example 4.27. Let E = Q2(
√

2, i), L = Q2(
√

2). Let G = Gal(E/Q2), H = Gal(E/L).
We calculate G1 = G, G2 = Gal(E/Q2(i)) (and the jumps are at v = 1, 2). We have
(G/H)2 = G2H/H.

We now give another description of the function ϕ. We first introduce an important
function iG : G → Z≥0 → ∞ by the formula iG(s) = 1 + sup(i ≥ −1 | s ∈ Gi) (and
iG(1) =∞, by convention). Thus we have the formulae

Gu = {s ∈ G | iG(s) ≥ u+ 1}
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and for any s, t ∈ G,
iG(st) ≥ min(iG(s), iG(t)),

with equality if iG(s) 6= iG(t).

Lemma 4.28. Suppose there exists α ∈ AE such that AE = AK [α]. Then for any s ∈ G,
iG(s) = vE(s(α)− α).

Proof. Let i ∈ N. Then iG(s) ≥ i + 1 if and only if s ∈ Gi, if and only if s acts trivially
on AE/(π

i+1
E ), if and only if s acts trivially on the image of α in AE/(π

i+1
E ), if and only if

s(α) ≡ α(πi+1
E ), if and only if vE(s(α)− α) ≥ i+ 1.

Lemma 4.29. There exists α ∈ AE such that AE = AK [α].

Proof. Let y ∈ kE be a primitive element for kE/kK , let f(X) ∈ kK [X] be its minimal
polynomial, let f(X) ∈ AK [X] be a monic lift of f(X), and let y ∈ AE be the unique root of
f(X) which is congruent to y modulo (πE) (this exists by Hensel’s lemma). Let α = y+ πE.
We claim that AE = AK [α].

By Nakayama’s lemma, it is enough to show that the map AK [α] → AE/(πK) =
AE/(π

eE/K

E ) is surjective. We note that AK [α] contains a set of representatives for the
residue field kE (as α mod (πE) = y). Moreover, we have f(α) = f(y+πE) = f ′(y)πE +π2

Ez
for some z ∈ AE. Since f(X) is separable, f ′(y) is a unit and so f(α) has valuation 1, hence
is a uniformizer. Therefore any element of AE/(π

eE/K

E ) admits a representative of the form∑eE/K

i=0 aif(α)i, with ai ∈ AK [α]. Since also f(α) ∈ AK [α], this completes the proof.

Lemma 4.30. We have the formula ϕE/K(u) + 1 = 1
#G0

∑
s∈G min(iG(s), u+ 1).

Proof. Both functions are continuous and piecewise linear, and take the value 1 at u = 0.
It therefore suffices to show that for non-integer values of u, the left-hand side and the
right-hand side have the same derivative.

At a point m < u < m with m ∈ N, the left-hand side has derivative [G0 : Gu]
−1. The

function min(iG(s), u+ 1) has derivative 0 if iG(s) < u+ 1 and derivative 1 if iG(s) > u+ 1
(equivalently, if s ∈ Gu). Thus the derivative of the right-hand side is |G0|−1|Gu| = [G0 :
Gu]

−1, as desired.

Lemma 4.31. Let s ∈ G, let H be a normal subgroup of G, and let L = EH . Then we have
the formula

iG/H(sH) =
1

eE/L

∑
t∈H

iG(st).

Proof. We can assume that s 6∈ H (otherwise both sides are ∞). Choose elements α ∈ AE,
β ∈ AL such that AE = AK [α] and AL = AK [β]. Then we have

iG/H(sH) = vL(s(β)− β) =
1

eE/L
vE(s(β)− β),

while
1

eE/L

∑
t∈H

iG(st) =
1

eE/L
vE(
∏
t∈H

(st(α)− α)).
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It is therefore enough to show that s(β)− β and
∏

t∈H(st(α)− α) have the same valuation
(under vE). To this end, let f(X) =

∑
i aiX

i ∈ AL[X] denote the minimal polynomial of α
over L, so f(X) =

∏
t∈H(X−t(α)). Let s(f)(X) =

∑
i s(ai)X

i =
∏

t∈H(X−st(α)) ∈ AE[X].
Then we have ∏

t∈H

(st(α)− α) = s(f)(α)− f(α) =
∑
i

(s(ai)− ai)αi.

Each element s(ai) − ai is divisible by s(β) − β, so we see that vE(
∏

t∈H(st(α) − α)) ≥
vE(s(β)− β).

For the reverse inequality, choose g(X) ∈ AK [X] such that g(α) = β. Then g(X)−β ∈
AL[X] has α has a root, so is divisible by f(X) in AL[X]. It follows that g(X) − s(β) is
divisible by s(f)(X) in AE[X], and so g(α) − s(β) = β − s(β) is divisible by s(f)(α) =∏

t∈H(st(α)− α) and vE(
∏

t∈H(st(α)− α)) ≤ vE(s(β)− β). This completes the proof.

Lemma 4.32. Let H be a normal subgroup of G, and let L = EH . For s ∈ G, define
j(sH) = sup(iG(st) | t ∈ H). Then iG/H(sH) = 1 + ϕE/L(j(sH)− 1).

Proof. We have just shown that iG/H(sH) = 1
eE/L

∑
t∈H iG(st). On the other hand, we have

1 + ϕE/L(j(sH)− 1) =
1

|H0|
∑
t∈H

min(iH(t), j(sH)).

Noting that |H0| = eE/L and iH(t) = iG(t) for t ∈ H, we see that it is enough to show that
iG(st) = min(iH(t), j(sH)) for each t ∈ H. We will show that this is true provided that the
representative s for the coset sH is chosen so that iG(s) = j(sH) (i.e. so that iG(st) ≤ iG(s)
for all t ∈ H).

In this case, we have min(iH(t), j(sH)) = min(iG(t), iG(s)). If iG(s) 6= iG(t) then
iG(st) = min(iG(t), iG(s)) (as observed above), so both sides agree. If iG(s) = iG(t), then
iG(st) ≥ iG(s), hence iG(st) = iG(s) (as iG(s) is maximal), so again both sides agree. This
concludes the proof.

Theorem 4.33 (Herbrand’s Theorem). Let H be a normal subgroup of G, and let L = EH .
Let u ∈ [0,∞), and let v = ϕE/L(u). Then (G/H)v = GuH/H.

Proof. For s ∈ G, we have sH ∈ GuH/H if and only if j(sH) ≥ u + 1, if and only if
j(sH)−1 ≥ u, if and only if ϕE/L(j(sH)−1) ≥ ϕE/L(u) = v, if and only if iG/H(sH) ≥ v+1,
if and only if sH ∈ (G/H)v.

Lemma 4.34. We have the formula ϕE/K = ϕL/K ◦ ϕE/L.

Proof. Let H be a normal subgroup of G, and let L = EH . Both sides are continuous,
piecewise linear, increasing homeomorphisms of [0,∞) into itself. It suffices therefore to
show that the derivatives are equal, wherever they are defined. The derivative of the
left-hand side at u equals [G0 : Gu]

−1, while the derivative of the right-hand side equals
ϕ′L/K(ϕE/L(u))ϕ′E/L(u) = [(G/H)0 : (G/H)ϕE/L(u)]

−1[H0 : Hu]
−1. By the previous lemma,

this is equal to [(G/H)0 : GuH/H]−1[H0 : Hu]
−1. Noting that (G/H)0 = G0H/H, we see

that [(G/H)0 : GuH/H] = |G0||Hu||H0|−1|Gu|−1, which gives the desired result.
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Theorem 4.35. Let H be a normal subgroup of G, and let L = EH . For all v ≥ 0, we have
(G/H)v = GvH/H.

Proof. By the lemma, we have ψE/K = ψE/L ◦ ψL/K . By definition, we have (G/H)v =
(G/H)ψL/K(v). By Herbrand’s theorem, we have (G/H)ψL/K(v) = GψE/L◦ψL/K(v)H/H =
GψE/K(v)H/H = GvH/H.

The existence of the upper numbering allows us to give a robust generalization of the
notion of maximal unramified subextension.

Definition 4.36. Let E/K be a (possibility not Galois) extension of CDVFs with kE/kK
separable, and let v ≥ 0 be a real number. We define Ev = E ∩LGv

, where L/E is extension
of CDVFs with kL/KE separable such that L/K is Galois and G = Gal(L/K).

Thus if v < v′ then Ev ⊂ Ev′ , and ∪v>0E
v = E. We check that this definition

is independent of the choice of L. It suffices to check that if L′/L is a further extension
of CDVFs with kL′/kL separable and L′/K Galois then E ∩ LGv

= E ∩ (L′)(G
′)v (where

G′ = Gal(L′/K)). This follows from the equality (G′)v Gal(L′/L)/Gal(L′/L) = Gv.

Theorem 4.37. Let E/K be a (possibility not Galois) extension of CDVFs with kE/kK
separable.

1. E0 is the maximal unramified subextension of E/K.

2. Let E/M/K be an intermediate subfield. Then M v = Ev ∩M .

3. Let E/M,N/K be intermediate subfields. Then M v ·N v ⊂ (M ·N)v. In particular, if
M v = M and N v = N then (M ·N)v = M ·N .

Proof. Let L/K be the Galois closure of E/K, and let G = Gal(L/K). We have Gv = G0 =
G0 = IL/K , so the first part is clear. The second part follows from the definition. For the
third, the given inclusion may be rewritten as (M ∩LGv

) · (N ∩LGv
) ⊂ (M ·N)∩LGv

, which
is again clear.

This notion becomes particularly useful in the case of abelian extensions of p-adic
fields, thanks to the following theorem, which will not be proved in this course:

Theorem 4.38 (Hasse–Arf Theorem). Let K/Qp be a finite extension, and let E/K be an
abelian extension (i.e. a finite Galois extension with abelian Galois group). Let v ≥ 0 be a
jump in the ramification filtration (i.e. a real number such that Gal(E/K)v 6= Gal(E/K)v+ε

for all ε > 0). Then v ∈ Z.

This theorem in turn motivates the following definition, which we will use to organize
our formulation of global class field theory.

Definition 4.39. Let K/Qp be a finite extension, and let E/K be an abelian extension. We
define the conductor ideal of E/K to be the ideal CE/K = (πaK), where a ≥ 0 is the smallest
non-negative integer such that Gal(E/K)a = {1} (or equivalently Ea = E).
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Note that CE/K is the unit ideal if and only if E/K is unramified.

Proposition 4.40. Let K/Qp be a finite extension, and let E/K be a Galois extension. Let
E1, E2/K be subextensions of E/K which are abelian over K. Then E1 · E2 is abelian over
K and CE1·E2/K = lcm(CE1/K , CE2/K).

Proof. There is an injective homomorphism Gal(E1 · E2/K) → Gal(E1/K) × Gal(E2/K)
(given by restricting a given homomorphism to each subfield). Since a product of abelian
groups is abelian, E1 · E2/K is an abelian extension.

If a ∈ [0,∞), then we have (E1 ·E2)
a = (E1 ·E2) ∩Ea, so E1 ·E2 = (E1 ·E2)

a if and
only if Ea

1 = E1 and Ea
2 = E2. This shows CE1·E2/K = lcm(CE1/K , CE2/K).

5 Global class field theory

We now begin our discussion of global class field theory. Class field theory aims to describe
all abelian extensions of a given number field K. By definition, an abelian extension is a
finite Galois extension E/K with abelian Galois group Gal(E/K). We begin by describing
the shape of the theory in the case K = Q.

Let N ≥ 1 be an integer, and let ζN = e2πi/N . Then the extension Q(ζN)/Q is abelian:
it is Galois, because it is the splitting field of the polynomial XN−1, and it is abelian because
there is an isomorphism Gal(Q(ζN)/Q)→ (Z/NZ)× which sends σ ∈ Gal(Q(ζN)/Q) to the
unique residue class a mod N such that σ(ζN) = ζaN . We write σa ∈ Gal(Q(ζN)/Q) for the
automorphism corresponding to a mod N .

By Galois theory, the following two sets are in canonical bijection:

• The set of abelian extensions K/Q such that K ⊂ Q(ζN).

• The set of subgroups H ⊂ (Z/NZ)×.

A field K corresponds to the image of Gal(Q(ζN)/K) in (Z/NZ)×. To see how this describes
all abelian extensions, we need the Kronecker–Weber theorem:

Theorem 5.1. Let K/Q be an abelian extension. Then there exists an integer N ≥ 1 such
that K ⊂ Q(ζN). More precisely, we have K ⊂ Q(ζN) if and only if CK/Q|(N) (divisibility
of ideals of Z).

This allows us to upgrade our correspondence to a bijection between the following
two sets:

• The set of abelian extensions K/Q such that CK/Q|(N).

• The set of subgroups of H ⊂ (Z/NZ)×.

This is close to what class field theory will say when Q is replaced by a general number
field. However, the definition of the above bijection still depends on our explicit description
of Q(ζN) as an abelian extension with Galois group (Z/NZ)×. In general, class field theory
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will describe the Galois groups of abelian extensions explicitly, but it will not describe the
extensions themselves. We therefore need to give a characterization of our bijection that
does not involve the knowledge of explicit abelian extensions of Q.

This is based on the existence of Frobenius elements. Recall that if K is a number
field and E/K is a Galois extension (not necessarily abelian), then the Frobenius element
FrobQ/P ∈ G = Gal(E/K) is defined for any non-zero prime ideal P ⊂ OK lying below the
prime ideal Q ⊂ OE such that eQ/P = 1. It may be characterized as the unique element of
the decomposition group DQ/P which induces the Frobenius automorphism x 7→ x|kP | on the
residue field kQ.

If σ ∈ G, then σ(Q) is another prime ideal of OE lying above P , so Frobσ(Q)/P ∈ G
is also defined. In fact, Frobσ(Q)/P = σ FrobQ/P σ

−1. To see this, note that σ FrobQ/P σ
−1 ∈

Dσ(Q)/P , and σ descends to an isomorphism kQ → kσ(Q) of extensions of kP which inter-
twines the Frobenius automorphism on source and target. In particular, when G is abelian,
Frobσ(Q)/P = FrobQ/P is independent of the choice of prime ideal of OE lying above P . We
record this fact as a definition:

Definition 5.2. Let E/K be an abelian extension of number fields, and let P ⊂ OK be a non-
zero prime ideal which is unramified in OE. Then the Artin symbol (P,E/K) ∈ Gal(E/K)
is defined to be the Frobenius element FrobQ/P for some (hence any) choice of prime ideal
Q ⊂ OE lying above P .

We can now complete our formulation of class field theory for cyclotomic fields.

Theorem 5.3. Let N ≥ 1 be an integer, and let K/Q be an abelian extension such that
CK/Q|N . In particular, any prime p - N is unramified, so the Artin symbol ((p), K/Q) ∈
Gal(K/Q) is defined. Then there is a unique surjective homomorphism φK/Q : (Z/NZ)× →
Gal(K/Q) which, for any prime p - N , sends the residue class p mod N to the Artin symbol
((p), K/Q). The assignment K 7→ kerφK/Q defines a bijection between the following two
sets:

• The set of abelian extensions K/Q such that CK/Q|(N).

• The set of subgroups of H ⊂ (Z/NZ)×.

This is the statement that we will generalize to an arbitrary base number field. Before
we do so, let’s check that the bijection of the theorem agrees with the previous one. In other
words, we must check that the homomorphism (Z/NZ)× → Gal(K/Q) arising from an
embedding K ⊂ Q(ζN) agrees with φK/Q; or in other words, that if p - N is a prime then
σp|K = ((p), K/Q). It follows from the definitions that ((p), K/Q) = ((p),Q(ζN)/Q)|K , so
it’s enough to show that σp = ((p),Q(ζN)/Q). The automorphism σp is characterized by
σp(ζN) = ζpN . On the other hand, if P ⊂ OQ(ζN ) is a prime ideal lying above (p), then
((p),Q(ζN)/Q) is characterized by

((p),Q(ζN)/Q)(ζN mod P ) = ζpN mod P.

Since the map OQ(ζN ) → kP induces a bijection on N th roots of unity, we must in fact have

((p),Q(ζN)/Q)(ζN) = ζpN ,
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hence σp = ((p),Q(ζN)/Q).
We now turn to the general case. We first need to introduce a certain amount of

notation. Let K be a number field.

Definition 5.4. A modulus of K is a pair m = (m0,m∞), where m0 ⊂ OK is a non-zero
ideal and c∞ ⊂ HomQ(K,R) is a subset (which may be empty).

If m, n are moduli we write m ≤ n if m0|n0 and m∞ ⊂ n∞. This defines a partial
order on the set of moduli of K.

The trivial modulus is (OK , ∅). It satisfies (OK , ∅) ≤ m for any other modulus m.
If E/K is any abelian extension, then we can define a modulus mE/K = (mE/K,0,mE/K,∞),
where mE/K,0 = CE/K is the conductor ideal and mE/K,∞ is the set of embeddings τ : K → R
such that there does not exist an embedding τ̃ : E → R with τ̃ |K = τ (more informally, the
set of real embeddings of K which do not extend to real embeddings of E).

Definition 5.5. Let I denote the group of non-zero fractional ideals of OK, and P ⊂ I
its subgroup of non-zero principal fractional ideals (i.e. of the form αOK for some α ∈ K×).

If m = (m0,m∞) is a modulus, then we write I (m0) ⊂ I for the subgroup of non-
zero fractional ideals I which are prime to m0, in the sense that for any non-zero prime ideal
P ⊂ OK such that vP (m0) > 0, we have vP (I) = 0. We write K(m0) ⊂ K× for the subgroup
of elements α ∈ K× such that for any non-zero prime ideal P ⊂ OK such that vP (m0) > 0,
we have vP (α) = 0. We write Km ⊂ K(m0) for the subgroup of elements α ∈ K× such that
for any non-zero prime ideal P ⊂ OK such that vP (m0) > 0, we have vP (α − 1) ≥ vP (m0),
and for any τ ∈ m∞, we have τ(α) > 0.

We write P(m0) ⊂ P for the subgroup of principal non-zero fractional ideals of
the form (α) for some α ∈ K(m0). We write Pm ⊂ P(m0) for the subgroup of principal
fractional ideals of the form (α) for some α ∈ Km.

Finally, we define the ray class group of modulus m to be the quotient H(m) =
I (m0)/Pm.

We observe that the ray class group associated to the trivial modulus is the quotient
HK = I /P; this is the usual ideal class group of the number field K. In general, the ray
class group generalizes simultaneously the usual ideal class group of the number field K and
the group (Z/NZ)× in the case K = Q. This is made precise by the following proposition:

Proposition 5.6. Let m be a modulus of K.

1. The ray class group H(m) is a finite abelian group.

2. There are short exact sequences of abelian groups

0 //P(m0)/Pm
//H(m) //HK

//0

0 //O×K/(O
×
K ∩Km) //(OK/m0)

× ×
∏

τ∈m∞{±1} //P(m0)/Pm
//0.
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Proof. We take on trust the theorem, proved in Part II Number Fields, that the ideal class
group HK is always finite. The first part of the proposition then follows from the second,
using the fact that given a short exact sequence

0 //M ′ //M //M ′′ //0

of abelian groups, the finiteness of M is equivalent to the finiteness of M ′ and M ′′ (and in
this case we have |M | = |M ′| · |M ′′|).

The first exact sequence we write down is

0 //P(m0)/Pm
//H(m) //I (m0)/P(m0) //0.

This will give the first sequence in the statement of the proposition if we can construct an
isomorphism I (m0)/P(m0) → HK = I /P. However, P(m0) = I (m0) ∩P, so there is
a natural injection I (m0)/P(m0)→ HK . To show that it is surjective, we must show that
for any non-zero fractional ideal I of OK , there is α ∈ K× such that α−1I ∈ I (m0). We can
assume without loss of generality that I ⊂ OK is a non-zero ideal. By the Chinese remainder
theorem, we can find α ∈ K× such that vp(α) = vp(I) if vP (m0) > 0. Then vP (α−1I) = 0 if
vP (m0) > 0, hence α−1I ∈ I (m0).

To get the second exact sequence, we use the commutative diagram with exact rows:

0 //O×K //K(m0) //P(m0) //0

0 //O×K ∩Km

OO

//Km
//

OO

Pm
//

OO

0.

By the snake lemma, there is an exact sequence

0 //O×K/(O
×
K ∩Km) //K(m0)/Km

//P(m0)/Pm
//0.

We need to construct an isomorphism

K(m0)/Km → (OK/m0)
× ×

∏
τ∈m∞

{±1}

is an isomorphism. We first construct a map. Note that if P ⊂ OK is a non-zero prime
ideal such that vP (m0) > 0, then the inclusion K(m0) ⊂ K×P factors through an inclusion
K(m0)→ O×KP

, and so there is a map K(m0)→ O×KP
/(1 +m0OKP

) ∼= (OK/P vP (m0))×, hence
(by the Chinese remainder theorem) a map K(m0) → (OK/m0)

×. We take the product of
this map with the map K(m0) →

∏
τ∈m∞{±1} which sends α ∈ K(m0) to (sgnτ(α))τ∈m∞ .

This determines a homomorphism

K(m0)→ (OK/m0)
× ×

∏
τ∈m∞

{±1}

with kernel Km. To complete the proof, we just need to show that this homomorphism is
surjective. Let N ∈ Z∩m0 be a positive integer. By the Chinese remainder theorem, for any
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x ∈ (OK/m0)
×, we can find α ∈ OK such that α ≡ x mod m0. After replacing α by α+ kN

for some k ∈ N, we can assume moreover that τ(α) > 0 for each τ ∈ m∞.
We therefore just need to show that for any subset S ⊂ m∞, we can find β ∈ OK such

that β ≡ 1 mod m0, τ(β) > 0 if τ ∈ S, and τ(β) < 0 if τ 6∈ S. To accomplish this, choose
γ ∈ OK such that K = Q(γ), and let f(X) ∈ Z[X] be the minimal polynomial of γ over
Q. The embeddings of K in R correspond to the real roots of f(X). Let γ1, . . . , γr be the
roots of f(X) corresponding to the embeddings τ1, . . . , τr in m∞. We can find a polynomial
g(X) ∈ R[X] such that g(γi) = 1 if τi ∈ S and g(γi) = −1 if τi 6∈ S. Since Q is dense in
R, we can find a polynomial h(X) ∈ Q[X] such that h(γi) > 0 if τi ∈ S and h(γi) < 0 if
τi 6∈ S. Clearing denominators, we can assume moreover that h(X) ∈ Z[X]. The element
β = 1 + kNh(γ) ∈ OK then does the job for any sufficiently large k ∈ N.

Example 5.7. Suppose that K = Q and m = ((N), τ), for some integer N ≥ 1. Then
Z× = {±1} and Z× ∩ Qm is trivial. The ideal class group HQ is trivial, so the proposition
gives an isomorphism H(m) ∼= ((Z/NZ)× × {±1})/{±1} ∼= (Z/NZ)× in this case. If I ⊂ Z
is an ideal which is prime to N , then this isomorphism sends the class [I] of I in H(m) to
the integer m, where m ≥ 1 is the unique positive generator of I.

We now consider an example where the embeddings of K in R play a role. Let d > 1
be a squarefree integer, and let K = Q(

√
d) be a real quadratic field. Let m = (OK , {τ1, τ2}),

where τ1, τ2 : K → R are the two distinct real embeddings. Suppose further that the ideal
class group HK is trivial. Dirichlet’s unit theorem shows that there is a unit ε ∈ O×K such
that O×K = {±εn | n ∈ Z}. The proposition shows that H(m) = ({±1} × {±1})/〈±εZ〉.
Thus H(m) is trivial if and only if τ1(ε) and τ2(ε) have opposite signs. Since NK/Q(ε) =
τ1(ε)τ2(ε) ∈ Z× = {±1}, we find that H(m) is trivial if NK/Q(ε) = −1 and H(m) is cyclic of
order 2 if NK/Q(ε) = 1.

Either case can occur: examples are given by Q(
√

2) (which has class number 1 and
ε = 1 +

√
2) and Q(

√
3) (which has class number 1 and ε = 2 +

√
3).

We can now state the main theorem of global class field theory.

Theorem 5.8. Let K be a number field, and let m be a modulus of K.

1. Let E/K be an abelian extension such that mE/K ≤ m. Then there is a unique surjective
homomorphism φE/K : H(m) → Gal(E/K) which, for any non-zero prime ideal P ⊂
OK such that vP (m0) = 0, sends the class [P ] ∈ H(m) to the Artin symbol (P,E/K) ∈
Gal(E/K).

2. The assignment E 7→ kerφE/K defines an inclusion-reversing bijection between the
following two sets:

• The set of abelian extensions E/K such that mE/K ≤ m.

• The set of subgroups H ⊂ H(m).

In particular, there exists a maximal abelian extension L(m)/K such that mL(m)/K ≤ m;
for this extension, φL(m)/K determines an isomorphism H(m) → Gal(L(m)/K). We
call L(m) the ray class field of modulus m.
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We now discuss examples. The basic case is when m = (OK , ∅) is the trivial modulus.
In this case, class field theory says that there is a maximal abelian extension L/K which is
everywhere unramified and in to which every real embedding of K extends; it is called the
Hilbert class field, and there is an isomorphism φL/K : HK → Gal(L/K).

Example 5.9. Consider the polynomial f(X) = X3−X+1. As X3+aX+b has discriminant
−4a3 − 27b2, the polynomial f(X) has discriminant −23, and is irreducible (even over F3).
Thus the splitting field L of f(X) has Galois group S3 over Q, and contains the quadratic
extension K = Q(

√
−23). We claim that L is the Hilbert class field of K. For this we need

to know two things:

• The extension L/K is everywhere unramified. (Since K has no real embeddings, there
is no additional condition.) This will show that L is contained inside the Hilbert class
field of K.

• The group HK has order 3. This will show that L actually equals the Hilbert class
field of K.

The class number can be calculated using either the Minkowski bound (as in Part II Number
Fields) or using the theory of binary quadratic forms (on which more shortly). To show that
L/K is everywhere unramified, we observe that the polynomial f(X) has distinct roots
modulo p for every prime p 6= 23, so any prime p 6= 23 is unramified in L. There is a unique
prime ideal P ⊂ OK lying above 23, namely (

√
−23). We need to check that P is unramified

in L. Equivalently, we must check that if Q ⊂ OL is a prime ideal lying above 23, then
eQ/(23) is prime to 3.

To this end, we observe that 3f(X)−Xf ′(X) = −3X + 3 +X = −2X + 3 is linear.
This implies that f(X) = f(X) mod 23 has two distinct roots in F23, one occurring with
multiplicity 2. If α1, α2, α3 ∈ OL are the roots of f(X), then α1 = α1 mod Q, α2 mod Q,
α3 mod Q are the roots (with multiplicity) of f(X) in kQ. Therefore we can assume after
relabelling that α1 6= α2 = α3. An element of the inertia group IQ/(23) acts as the identity on
the residue field, so must fix α1 and possibly permute α2 and α3. Since IQ/(23) is non-trivial
(because 23 is ramified in OL) we see that IQ/(23) is generated by a transposition, and indeed
has order prime to 3.

Example 5.10. For an example where the real embeddings play a role, let us consider the field
K = Q(

√
3). We have already observed that HK is trivial, but that if m = (OK , {τ1, τ2})

then H(m) is cyclic of order 2. Class field theory tells us that K has no everywhere unram-
ified extension to which the real embeddings extend, but there does admit an everywhere
unramified quadratic extension E/K which admits no real embeddings. What is it? It
is given by E = K(i) = K(

√
−3). (These two presentations of E illustrate that E/K is

everywhere unramified, since Q(i) is ramified only at 2 and Q(
√
−3) is ramified only at 3.)

In the remainder of the course, we explain the relation between the class field theory
of imaginary quadratic fields and binary quadratic forms.

Definition 5.11. A binary quadratic form is a function f(x, y) = ax2 + bxy + cy2 where
a, b, c are integers. We say that the form f represents a given integer m if there exist values
x0, y0 ∈ Z such that f(x0, y0) = m.

35



We can equivalently represent a binary quadratic form as

f(x, y) = (x, y)

(
a b/2
b/2 c

)(
x
y

)
.

We will analyse the following problem: when is a given prime p represented by a given positive
definite binary quadratic form f(x, y)? Here are some classical results on this problem: Let
p > 7 be a prime. Then p = x2 + y2 if and only if p ≡ 1 mod 4 (Fermat). We also
have p = x2 + 2y2 if and only if p ≡ 1, 3 mod 8 (Euler), and p = x2 + 5y2 if and only if
p ≡ 1, 9 mod 20 (Gauss).

On the other hand, one can show that p = x2 + 14y2 if and only if the equations
x2 = −14 and (y2 + 1)2 = 8 have a solution in Fp. In general, if n ≡ 1, 2 is a squarefree
positive integer, then a prime p - 4n is represented by the binary quadratic form x2 + ny2

if and only if p splits completely in the Hilbert class field of the imaginary quadratic field
Q(
√
−n).

To explain this we first need to understand the explicit relation between ideal class
groups of imaginary quadratic fields and binary quadratic forms. This is organized around
the notion of discriminant.

Definition 5.12. Let f(x, y) = ax2 + bxy+ cy2 be a binary quadratic form. Its dicriminant
is disc f = b2 − 4ac.

We observe that a binary quadratic form is positive definite (i.e. takes only positive
values on non-zero vectors) if and only if disc f < 0 and a > 0.

The group SL2(Z) acts on the set of binary quadratic forms by the formula

(γ · f)(x, y) = f(γ−1
(
x
y

)
).

Equivalently, if f its represented by the matrix

(
a b/2
b/2 c

)
, then γ · f is represented by

the matrix γ−t
(

a b/2
b/2 c

)
γ−1. Since the determinant of the matrix equals −1

4
disc f , this

shows that disc f is invariant under the action of SL2(Z).
We also need to recall the notion of discriminant in number fields. If K is a num-

ber field of degree [K : Q] = n, and α1, . . . , αn ∈ K, then we define the discriminant
disc(α1, . . . , αn) = det(D)2, where D ∈ Mn(C) is the matrix Dij = σi(αj), and where
σ1, . . . , σn : K → C are the distinct embeddings of K in the complex numbers. The quantity
disc(α1, . . . , αn) is independent of the choice of ordering of σ1, . . . , σn because any permu-
tation changes det(D) be a sign, which disappears when we take the square. For similar
reasons it is independent of the choice of ordering of α1, . . . , αn.

More generally, if A ∈ Mn(Z) and we define β1, . . . , βn ∈ K by βi =
∑n

j=1Aijαj,

then disc(β1, . . . , βn) = det(A)2 disc(α1, . . . , αn). This formula is particularly useful when
we are given a subgroup M ⊂ K which is free of rank n as a Z-module; then we can define
discM = disc(α1, . . . , αn), where α1, . . . , αn is any Z-basis of M . Since any two bases are
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related by an element of GLn(Z), our formula shows that this is independent of the choice
of basis.

If M ′ ⊂ M ⊂ K are two subgroups which are free of rank n as Z-modules, then a
very similar argument (using Smith normal form) shows that discM ′ = discM · [M : M ′]2.
In particular, if discM ′ = discM then M ′ = M .

A key example is M = OK . Indeed, OK always free of rank n as a Z-module, so its
discriminant discOK is defined. We compute this invariant when K is a quadratic field. Fix
therefore d ∈ Z a squarefree integer, d 6= 0, 1. We have seen that if d ≡ 2, 3 mod 4, then
OK = Z⊕ Z

√
d, so we have

discOK = det

(
1

√
d

1 −
√
−d

)2

= 4d.

The other case is when d ≡ 1 mod 4, in which case OK = Z⊕ Z1+
√
d

2
, so we have

discOK = det

(
1 1+

√
d

2

1 1−
√
d

2

)2

= d.

We can now formulate the fundamental relation between ideal class groups of imaginary
quadratic fields and binary quadratic forms:

Theorem 5.13. Let d < 0 be a squarefree integer, and let K = Q(
√
d), where

√
d ∈ C is

the square root with positive imaginary part. Let D = discOK. Then there is a bijection
between the following two sets:

• The set of SL2(Z)-orbits of positive definite binary quadratic forms of discriminant D.

• The ideal class group HK.

This bijection sends the orbit of the binary quadratic form f(x, y) = ax2 + bxy + cy2 to the
class of the fractional ideal Z⊕ Zβ of OK, where β = (−b+

√
D)/2a (and

√
D has positive

imaginary part).

We first prove the following intermediate result:

Proposition 5.14. With the same assumptions, there is a bijection between the following
two sets:

• The set of positive definite binary quadratic forms of discriminant D.

• The set of elements β ∈ K of positive imaginary part such that Z⊕ Zβ is a fractional
ideal of OK.

This bijection sends the binary quadratic form f(x, y) = ax2 + bxy + cy2 to the element
β = (−b +

√
D)/2a. It is equivariant for the action of SL2(Z), when SL2(Z) acts on β by

Möbius transformations

(
X Y
Z W

)
· β = (Xβ + Y )/(Zβ +W ).
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Proof. Let f(x, y) = ax2 + bxy + cy2 be a binary quadratic form of discriminant D and let
β = (−b+

√
D)/2a. We first show that I = Z⊕ Zβ is indeed a fractional ideal of OK . It is

finitely generated as a Z-module, so we just need to check it is stable under multiplication
by elements of OK . We note that f(β, 1) = 0 (this is just the quadratic formula), hence
aβ2 = −(bβ + c). This shows that aβ · I ⊂ I, hence aβ is integral over Z, and aβ ∈ OK ,
hence Z⊕ Zaβ ⊂ OK . We have disc(1, aβ) = a2(β − β)2 = D = discOK , so Z⊕ Zaβ = OK
and I is indeed a fractional ideal of OK .

Now suppose β ∈ K has positive imaginary part and Z ⊕ Zβ is a fractional ideal
of OK . We associate it to it the unique binary quadratic form f(x, y) = ax2 + bxy + cy2

with the property that f(β, 1) = 0, a > 0, and a, b, c are coprime. We need to check that
f(x, y) has discriminant D. To this end, we again note that aβ leaves I = Z⊕Zβ stable, so
aβ ∈ OK .

If A + Bβ ∈ OK is a general element (with A,B ∈ Q), then (A + Bβ)I ⊂ I, hence
A,B ∈ Z and −Bc/a, A − bB/a ∈ Z, hence Bc/a ∈ Z and bB/a ∈ Z. Since a, b, c are
coprime we can find integers x, y, z such that xa+ yb+ zc = 1, hence x+ yb/a+ zc/a = 1/a.
This shows that B/a ∈ Z, hence B ∈ aZ and OK = Z ⊕ Zaβ. The discriminant of (1, aβ)
equals disc f (same computation as before), so we have disc f = D, as required.

We have now constructed two mutually inverse bijections. It remains to explain

why they respect the action of SL2(Z). Let γ =

(
X Y
Z W

)
∈ SL2(Z). Since f(x, y) is

homogeneous of degree 2, we have f(γ · β) = f((Xβ + Y )/(Zβ + W ), 1) = 0 if and only

if f(Xβ + Y, Zβ + W ) = f(γ

(
β
1

)
) = 0. In particular, (γ · f)(γ · β) = 0 if and only if

f(γ−1γ

(
β
1

)
) = f(β) = 0.

We can now prove Theorem 5.13:

Proof of Theorem 5.13. Passing to SL2(Z)-orbits in the statement of the proposition, it is
enough to show that the following two sets are in bijection:

• The set of SL2(Z)-orbits of elements β ∈ K of positive imaginary part such that Z⊕Zβ
is a fractional ideal of OK .

• The set of non-zero fractional ideals of OK , up to K×-multiple.

We first show that if β, β′ ∈ K lie in the same SL2(Z)-orbit, then they define the same class

of fractional ideals. Let

(
X Y
Z W

)
∈ SL2(Z), and suppose that β′ = (Xβ + Y )/(Zβ +W ).

Then Z ⊕ Zβ′ = Z ⊕ Z(Xβ + Y )/(Zβ + W ) = (Zβ + W )−1(Z(Zβ + W ) ⊕ Z(Xβ + Y )).
However, we have Z(Zβ +W )⊕ Z(Xβ + Y ) = Z⊕ Zβ (as subgroups of K), so β and β′ do
indeed define the same ideal class.

This shows that the map from the first set to the second is well-defined. We next
show it is surjective. Any non-zero fractional ideal I of OK is free of rank 2 as a Z-module,
so admits a Z-basis I = Zα1 ⊕ Zα2. After re-ordering, we can assume that α2/α1 has
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positive imaginary part, hence the ideal class α−1I = Z ⊕ Zα2/α1 is the image of the orbit
of β = α2/α1.

We finally show that our map is injective. Suppose that the ideals Z ⊕ Zβ and
Z ⊕ Zβ′ lie in the same class, so there exists α ∈ K× such that Z ⊕ Zβ = Zα ⊕ Zβ′α.

Then there exists γ =

(
X Y
Z W

)
∈ GL2(Z) such that α = Zβ + W and β′α = Xβ + Y ,

hence β′ = (Xβ + Y )/(Zβ +W ). Since β, β′ both have positive imaginary part, we see that
det γ > 0, hence γ ∈ SL2(Z) and β, β′ lie in the same SL2(Z)-orbit.

This theorem allows us to give another proof that the ideal class group HK of the
imaginary quadratic field K = Q(

√
d) is finite. For this we need to recall the description of

the fundamental domain for the action of SL2(Z) on the complex upper half plane

h = {z ∈ C | Imz > 0}.

Consider the set

D = {z ∈ h | |z| > 1,−1

2
≤ Rez <

1

2
} ∪ {z ∈ h | |z| = 1,−1

2
≤ Rez ≤ 0}.

We quote the following proposition without proof.

Proposition 5.15. Let z ∈ h. Then there exists exactly one z′ ∈ D which is SL2(Z)-
conjugate to z.

Corollary 5.16. Let D = discOK. Then each orbit of positive definite binary quadratic
forms of discriminant D contains exactly one form f(x, y) = ax2 + bxy + cy2 which is
reduced, in the sense that c ≥ a ≥ |b| and if either c = a or a = |b| then b ≥ 0.

Proof. The proposition shows that there is precisely one form f(x, y) = ax2 + bxy + cy2 in
each SL2(Z)-orbit such that β = (−b +

√
D)/2a lies in D . We show that this condition is

equivalent to the form f(x, y) being reduced.
We have |β|2 = (b2 − (b2 − 4ac)/4a2 = c/a and Reβ = −b/2a. Thus the conditions

|β| > 1, −1
2
≤ Reβ < 1

2
are equivalent to c/a > 1 and −1/2 ≤ −b/2a < 1/2, or equivalently

c > a and a ≥ b > −a. The conditions |β|2 = 1, −1
2
≤ Reβ ≤ 0 are equivalent to c = a and

a ≥ b ≥ 0.

Corollary 5.17. The ideal class group HK is finite.

Proof. We need to show that there are finitely many reduced forms of discriminant D. If
f(x, y) = ax2 + bxy + cy2 is reduced then −D = 4ac− b2 ≥ 3b2, so |b| ≤

√
|D|/3. Once b is

fixed there are finitely many possibilities for f(x, y).

The following lemma is useful for doing computations.

Lemma 5.18. 1. The identity element of HK corresponds to the reduced form x2−Dy2/4
(if D = 4d) or x2 + xy + (1−D)y2/4 (if D = d).
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2. Let f(x, y) = ax2 + bxy + y2 be a reduced form of discriminant D. Then f(x, y)
corresponds to an element of order dividing 2 in the ideal class group if and only if
either c = a or a = b or b = 0.

We call the forms appearing in part 1 of the lemma the principal binary quadratic
forms of discriminant D.

Proof. For the first part, we note that the unit ideal OK lies in the trivial ideal class, and
we have OK = Z⊕ Z

√
d or Z⊕ Z(−1 +

√
d)/2, depending on the value of d mod 4. In the

first case, the binary quadratic form corresponding to β =
√
d is x2 − dx2, which is visibly

reduced. In the second, it is x2 + xy + (1− d)/4, which is again visibly reduced.
For the second part, we first make the important observation that the Galois group

Gal(K/Q) = {1, σ} acts on HK (here σ denotes complex conjugation). Indeed, it acts on
the group I of non-zero fractional ideals and preserves the subgroup of principal fractional
ideals. Moreover, for any ideal class [I] we have [I][σ(I)] = [OK ]. Since the classes of
non-zero prime ideals generate HK , it’s enough to check this when I = P is a prime ideal
of OK . If P lies above the ideal (p) of Z, then we know that either pOK = P 2 (if p is
ramified), pOK = P (if p is inert), or pOK = Pσ(P ) (if p splits – recall that Gal(K/Q) acts
transitively on the prime ideals of OK lying above (p)). In all cases Pσ(P ) is principal, so
[P ][σ(P )] = [OK ].

It follows that [I] has order dividing 2 in HK if and only if [I] = [σ(I)]. Note that
if I = Z ⊕ Zβ, then σ(I) = Z ⊕ Z(−σ(β)), and −σ(β) has positive imaginary part. If
β corresponds to the positive definite binary quadratic form ax2 + bxy + cy2, then −σ(β)
corresponds to the form ax2 − bxy + cy2.

We now split into cases. We assume that the form f(x, y) is reduced, or equivalently
that β lies in the fundamental domain D . If β lies in the interior of D , then so does −σ(β),
and so ax2 − bxy + cy2 is reduced. We thus have [I] = [σ(I)] if and only if these two forms
are equal, or equivalently if b = 0.

Now suppose that β lies in the boundary of D , or equivalently that c = a or b = a. In
this case −σ(β) lies on the boundary of the closure of D , but not in D itself (unless β = i,
in which case f(x, y) is the principal form of discriminant −4 – we can exclude this case
from our considerations). The form ax2 − bxy + cy2 is therefore not reduced, but we see
that there is an element of SL2(Z) which conjugates −σ(β) to β (for example, if β satisfies

Reβ = −1/2, then β = −σ(β) − 1 is the image of −σ(β) under the matrix

(
1 −1
0 1

)
).

Therefore the ideal class [I] has order dividing 2 in this case.

Corollary 5.19. Let p be a prime number not dividing D. Then principal form of dis-
criminant D represents p if and only if p splits completely in the Hilbert class field L/K of
K.

Proof. By global class field theory, there is an isomorphism φL/K : HK → Gal(L/K) which
sends the class [P ] of any non-zero prime ideal P ⊂ OK to the Artin symbol (P,L/K) ∈
Gal(L/K).

40



The prime p splits completely in the extension L/Q if and only if p splits completely
p = P1P2 in K/Q and each prime P1, P2 splits completely in L/K. Note that P1 splits
completely if and only if the decomposition group at P1 inside Gal(L/K) is trivial. Since
it is generated by the Artin symbol (P1, L/K), this is equivalent to the Artin symbol being
trivial. By class field theory, this is equivalent to the prime ideal P1 being principal.

Thus p splits completely in the extension L/Q if and only if p splits completely
p = P1P2 in K/Q and each prime ideal P1, P2 is principal. We must show that if p - D then
this condition is equivalent to p being represented by the principal form f(x, y).

However, we can write f(x, y) = (x + yβ)(x + yσ(β)), where OK = Z ⊕ Zβ. There-
fore f(x, y) represents the prime number p if and only if there exists α ∈ OK such that
(α)(σ(α)) = pOK . If p - D this is equivalent to the condition appearing in the previous
paragraph.

More generally, one can show that if f(x, y) is a positive definite binary quadratic
form of discriminant D = discOK , corresponding to the ideal class [If ] ∈ HK , then a given
prime number p - D is represented by f(x, y) if and only if p splits completely pOK = P1P2

and one of P1, P2 lies in the ideal class [If ].
We now return to our numerical examples. If D = −4 = discZ[i], then the principal

form is x2 + y2. The field Q(i) has class number 1, hence trivial Hilbert class field, so we see
that an odd prime p is represented by the form x2 + y2 if and only if it splits Q(i), if and
only if x2 = −1 has a solution modulo p, if and only if p ≡ 1 mod 4.

Similarly the field Q(
√
−2) (discOK = −8) has class number 1, and p is represented

by x2 + 2y2 if and only if the equation x2 = −2 has a solution modulo p, if and only if
p ≡ 1, 3 mod 8.

The field Q(
√
−5) (discOK = −20) has class number 2, and its Hilbert class field is

Q(
√
−5,
√

5) = Q(
√
−5, i). A prime number p - 20 is represented by x2 + 5y2 if and only

if p splits in Q(
√
−5, i), if and only if the equations x2 = −1 and y2 = 5 have solutions in

Fp, if and only if p ≡ 1, 9 mod 20. The other reduced form is 2x2 + 2xy + 3y2, and a prime
number p - 20 is represented by this form if and only if p splits in Q(

√
−5) but does not split

completely in the Hilbert class field Q(
√
−5, i), if and only if p ≡ 3, 7 mod 20.
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